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by
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Abstract. — This is the first part of a work devoted to the study of linear
Mahler systems in several variables from the perspective of transcendence and
algebraic independence. We prove two main results concerning systems that
are regular singular at the origin.

Given some vector of analytic solutions of such a Mahler system, say
(fi(2),..., fm(2)) € Q{z}™, and some suitable algebraic point c, we first
show that any homogeneous algebraic relation over Q@ between the com-
plex numbers fi(a),..., fm(a) can be lifted to a similar algebraic relation
over Q(z) between the functions fi(2),..., fm(2). This phenomenon was
first brought to light in the framework of linear differential equations by
Nesterenko and Shidlovskii, Beukers, and André. More recently, Philippon
and the authors also established a similar result for linear Mahler systems in
one variable.

Our second main result highlights the fact that the values of Mahler func-
tions associated with sufficiently different matrix transformations behave in-
dependently. More precisely, we show that the ideal formed by the algebraic
relations between the values at algebraic points of Mahler functions associated
with different systems is generated by the pure algebraic relations, that is, the
algebraic relations between the values of the functions occurring in each sys-
tem. Though results in the same spirit were conjectured by van der Poorten
in the 1980s, only very sporadic examples, due independently to Ku. Nishioka
and Masser, have been obtained so far.

Our interest in Mahler’s method comes from the possible applications of
these results to old problems involving automata theory and which concern
the expansion of both natural numbers and real numbers in integer bases. In
particular, problems which involve finite automata and base change. Such
applications are studied in the companion paper [3].
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the European Union’s Horizon 2020 research and innovation programme under the Grant
Agreement No 648132.
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1. Introduction

Any non-trivial algebraic (resp., linear) relation over Q(z) between given
analytic functions f1(2),..., fu(2) € Q{z}, leads by specialization at a given
algebraic point a to a non-trivial algebraic (resp., linear) relation over Q be-
tween the complex numbers fi(a),..., fn(a), assuming that these functions
are well-defined at «. As discussed in [20], we cannot expect the converse
assertion to be true in general, but there are a few known instances where it
holds true. In each case, some additional structure is required and the analytic
functions under consideration must satisfy some functional equations, such as
a system of linear differential equations or of linear difference equations.
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Mahler’s equations provide an example of such a framework.  Let
fi(z),..., fm(2) € Q{z} be multivariate analytic functions which con-
verge in some neighborhood of the origin and which are related by a system
of functional equations of the form (1.1). Let e € Q" be such that these
functions are well-defined at ««. Mahler’s method aims at transferring results
about the absence of algebraic (resp., linear) relations over Q(2z) between the
functions f1(2),..., fm(2) to the absence of algebraic (resp., linear) relations
over Q between the complex numbers fi(c),..., fm(c). This problem goes
back to the pioneering work of Mahler [17, 18, 19] at the end of the 1920s. In
fact, a large part of transcendental number theory is concerned with similar
questions.

Throughout this paper, we focus on the so-called regular singular linear
Mahler systems introduced in Definition 1.1, that is, those which are conju-
gated, through a ramified meromorphic gauge transform, to a system associ-
ated with a constant invertible matrix. We develop a general theory for these
systems from the perspective of transcendence and algebraic independence.
Our interest in Mahler’s method comes from the possible applications of these
results to old problems concerning the expansion of both natural and real num-
bers in integer bases. In particular, old problems which involve finite automata
and base change. Such applications will be discussed in the companion paper
[3]. Unfortunately, the fact that our results are restricted to regular singular
systems affects the generality of their application to these problems. In this
regard, it would be of great interest to extend the results of this paper to the
case of general linear Mahler systems.

1.1. Mahler’s transformations and linear Mahler systems. — Let n
be a positive integer and T = (¢; ;)1<i j<n be an nxn matrix with non-negative
integer coefficients. We let T act on C™ by

ti11 ti2 t1,n tn,1 tn,2 tn,n
Ta=(a; ay”ap™, . ..,a]" ay™ - an™"),

where o = (a,...,ay). In order to avoid confusion, we use T'(a) to denote
the usual matrix product. We will also consider T' as acting on monomials
associated with a n-tuple of indeterminates z = (z1,...,2,). We let Q denote
the field of algebraic numbers which embeds into the field C of complex num-
bers. We let Q" denote the set Q \ {0}. A linear T-Mahler system, or simply
a Mahler system, is a system of functional equations of the form

H(Tz) fi(z)
(L.1) | =aw | |

fm(T2) fm(2)
where A(2) € GLy,(Q(2)).
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Let K be a subfield of the complex numbers. We let K{z} denote the set of
multivariate power series in z, with coefficients in K, and which are convergent
in some neighborhood of 0. In the sequel, we refer to the elements of K{z}
as being analytic, and to the elements of Kl, the field of fractions of Q{z},
as being meromorphic. More generally, given a positive integer d, we let Kd
denote the field of fractions of Q{z'/?}, where z'/¢ = (z%/d, . ,zrl/d). We also
set R N

K:= Udled .

We define now the regular singular Mahler systems.

Definition 1.1. — A system of the form (1.1) is said to be regular singular at

the origin, or for short regular singular, if there exists a matrix ®(z) € GLm(K)
such that ®(T2)A(z)®1(z) € GL,,(Q).

A similar definition in the case of linear Mahler systems in one variable can
be found in [29]. According to Loxton and van der Poorten [16], if the matrix
A(z) is well-defined and non-singular at 0, then the corresponding Mahler
system is regular singular.

1.2. Previous results. — A well-known feature of Mahler’s method is that,
independently of the choice of the matrix A(z) defining the system (1.1), some
quite natural restrictions on the transformation matrix 7" and on the point «
are required. Such conditions already appeared in the work of Mahler.

Definition 1.2. — Let T be an n x n matrix with non-negative integer coef-
ficients and e € (Q")". The pair (T, ) is said to be admissible if there exist
two real numbers p > 1 and ¢ > 0 such that the following three conditions
hold true.

(a) The entries of the matrix T* are bounded by cp, for every positive integer
k

(b) Set TFax := (agk), . ,oz,(@k)). Then
log o] < —cp",

for all positive integers k and all integers ¢, 1 <17 < n.
(c) If f(=z) is any non-zero element of C{z}, then there are infinitely many
integers k such that f(T*a) # 0.

Remark 1.3. — When n = 1, the operator T takes the simple form z +— 29,
where ¢ > 2 is an integer. In that case, it is easy to check that Conditions
(a)—(c) are always satisfied for every algebraic number o with 0 < |a| < 1.
In particular, the non-vanishing Condition (c) follows immediately from the
identity theorem.
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In addition to the admissibility of the pair (T, ), a further restriction has
to be imposed on the point «, namely that it be a regular point. The latter
depends both on the matrices A(z) and 7T

Definition 1.4. — A n-tuple o := (aq,...,00) € (Q)" is regular with
respect to the Mahler system (1.1) if the matrix A(z) is well-defined and in-
vertible at T*a for all non-negative integers k.

1.2.1. The casen = 1. — In 1990, Ku. Nishioka [24] established the equality
(1.2) tr.degg(fi(a), ..., fm(a)) = tr.dege() (f1(2),- - ., fin(2))

for all matrices A(z) and all regular algebraic points « in the open unit disc of
C. The great advantage here is that Nishioka’s theorem applies to all Mahler
systems and not only to the regular singular ones. More recently, Philippon
[28] refines Nishioka’s theorem by proving a result analogous to our Theo-
rem 2.1. Some striking consequences of Philippon’s theorem, concerning auto-
matic numbers and the transcendence of values of Mahler functions at algebraic
points, are given by the authors in [1, 2|. For instance, it is proved that there
exists an algorithm that performs the following task: Given any Mahler func-
tion f(z) € Q{z} and any algebraic number «, it decides whether f(a) is
algebraic or transcendental.

1.2.2. The case n > 2. — In contrast, and despite many attempts in this
direction, no general result has been proved so far when n > 2. In 1982,
Loxton and van der Poorten [16] published a paper claiming that

(1.3) tr.deg@(fl(a), o fm(a)) = tr.degc(z)(fl(z), ooy fm(2)

when the matrix A(0) is well-defined and non-singular, the pair (7, ) is ad-
missible and « is a regular algebraic point. Unfortunately, some argument in
their proof is flawed. This is reported, for instance, by Ku. Nishioka in [24].
To date, Mahler’s method in several variables has been applied successfully
only for the two following much more restricted classes of matrices.

e First, Kubota [12]| proved in 1977 that Equality (1.3) holds true when the
matrix A(z) is almost diagonal, that is, when the functions f;(z) satisfy
equations of the form

1 1 |0 0 1
(14) fl(TZ) _ bl(:z) al(z) ) fl(:z)
fn(T2) () an(2) ) \ ful2)

where a;(2),b;(2) € Q(z), with no pole at 0, and a;(0) # 0.
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e Then, Nishioka [26| proved in 1996 that Equality (1.3) holds true when
the matrix A(z) is almost constant, that is, for systems of the form

1 1 |0 - 0 1
f(Tz bi1(z filz
(L5) 1(’ )| _ 1(- ) 1(. )
: . B :
fm(Tz) b (2) fm(2)
where B € GL,,(Q), and b1(2),...,by,(2) are rational functions with no
pole at 0.

In these two examples, the matrix defining the system is always assumed to
be well-defined and non-singular at 0. In particular, the corresponding Mahler
systems are regular singular.

2. Main results

As a first contribution, we provide a complete proof of the main result
claimed by Loxton and van der Poorten in [16]. Furthermore, we refine the
conclusion given by the quantitative Equality (1.3), by proving that any al-
gebraic relation over Q between the values fi(a),..., fm(a) can be lifted to
a similar algebraic relation over Q(z) between the functions fi(2),..., fm(2).
We stress that such a qualitative refinement is a key for applications.

Theorem 2.1 (Lifting). — Let f1(2),..., fm(2) € Q{z} be solutions to a
regular singular Mahler system of type (1.1). Let us assume furthermore that

a e (@) is a regular point and that the pair (T, ) is admissible. Then for
any homogeneous polynomial P € Q[X1,. .., Xy,] such that

P(fl(a)7 A 7fm(a)) = 07
there exists a polynomial Q € Q[z, X1, ..., X], homogeneous in the variables
X1,..., X, such that

Q(Z,fl(Z),...,fm(Z)):O and Q(aaXl"",Xm):P(le---aXm)‘

Similar results have first been obtained in the framework of linear differential
equations by Nesterenko and Shidlovskii [23], by Beukers [7] using some results
of André [4, 5] on the theory of E-operators, and then by André [6]. In the
case n = 1, the authors already establish Theorem 2.1 for general linear Mahler
systems in 2], as a consequence of the slightly weaker non-homogeneous version
due to Philippon [28].

As a straightforward application, we deduce the following result.
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Corollary 2.2. — We continue with the assumptions of Theorem 2.1. If
the functions fi(z),..., fm(2) are linearly independent over Q(z), then the
numbers fi(a),..., fm(a) are linearly independent over Q.

Remark 2.3. — Theorem 2.1 also applies to non-homogeneous relations, for

we can always turn an inhomogeneous relation into an homogeneous one by
adding the constant function fy = 1 to the system and replace the matrix A(z)
by

Let us turn to our second main result. In 1987, van der Poorten [30] claimed
that Mahler’s method could be generalized in such a way that it would become
possible to consider simultaneously several linear systems of type (1.1) associ-
ated with sufficiently different transformations 7;. In order to guarantee some
uniform speed of convergence to 0 for the orbits of algebraic points «a; under
the different transformations T;, van der Poorten suggested iterating each ma-
trix to different powers. We then leave the classical Mahler method, which
considers the action from N on C™ induced by a single transformation 7', to
consider an action of N” onto some C™ " induced by several transforma-
tions 171, ...,T,. He also pointed out several striking consequences that would
follow from such a theory. However, only very sporadic examples |25, 22| have
been obtained so far in this direction. In 1994, Nishioka [25] studied this prob-
lem for the almost diagonal Mahler systems of the form (1.4). In particular,
she deduced from her main theorem the following result. Given a non-zero
algebraic number «, |a| < 1, and a set of quadratic irrational numbers (w;)iez
such that Q(w;) # Q(wj) if i # j, the complex numbers that belong to the sets

(Z o ) , (H(l - adk)> , (Z Lkwijozk>
k=0 k>2 k=0 k>2 k=0 i€Z

are all algebraically independent over Q.

We develop here a similar theory that applies to a much larger class of
Mabhler systems, transformation matrices, and algebraic points. In this respect,
Theorem 2.4 solves van der Poorten’s problem in a very satisfactory way for
all regular singular systems. Before stating this result, we introduce some
notation. Given a finite set of complex numbers & := {(3,...,(n}, we let

Algg(€) == {P(X1,..., Xpn) € Q[X1, ..., Xpu] - P(C1, -+, Gn) = 0}
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denote the ideal of algebraic relations over Q between the elements of £. Now,
we consider several sets of complex numbers

51 = {Cl,la v 761,7711}7 cee 757" = {Cr,h o aCr,mr}7
and we set £ = UE;. Let P € Algg(€). If the polynomial P belongs to the
extended ideal Algg(E; | €) generated by Algg(&;) in Q[Xy, ..., X, where
M =mi+---+m,, then we say that P is a pure algebraic relation with respect
to &. Our second main result then reads as follows.

Theorem 2.4 (Purity—Independent transformations)
Let r > 2 be an integer. For every integer i, 1 < i < r, we consider a
reqular singular Mahler system

fi1(Tiz;) fin(z:)
(2.1.i) : = Ai(zi) :

fim:(Tiz;) fimi(24)

where A;(z;) belongs to GL,,, (Q(25)), zi == (2i1, ..., 2in;) s a family of inde-
terminates, T; is an n; X n; matrix, with non-negative integer coefficients and
with spectral radius p(T;). For every i, 1 < i <, let us consider

E C{finlew), oo fim;(cui)}
and set £ := U_,&;. Suppose that

(i) for every i, a; € (@*)"1 is a regular point with respect to the system
(2.1.1) and the pair (T;, ;) is admissible, and
(ii) for every pair (i,7), t # j, log p(13)/log p(T}) ¢ Q.
Then

T
Algg(&) =) Algg(&i | £).
i=1
In other words, the algebraic relations between all elements of £ are gener-
ated by the pure algebraic relations with respect to each subset &;. We stress
that Theorem 2.4 is a strong statement about algebraic independence.

Corollary 2.5. — We continue with the assumptions of Theorem 2.4. Fur-
thermore, we assume that for every i, 1 < i < r, all complex numbers that
belong to the set & are algebraically independent over Q. Then all complex
numbers that belong to the set € are algebraically independent over Q.

This paper is organized as follows. Clearly, the strength of Theorems 2.1 and
2.4 strongly depends on our ability to provide simple and natural conditions
that ensure the admissibility of pairs (7, a). This problem is addressed in Sec-
tion 3, where concrete and optimal conditions are given. A well-known feature
of Mahler’s method (and also of transcendence theory in general) is the great
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importance of proving vanishing theorems, that is, of finding general conditions
that allow to guarantee non-vanishing conditions of type (c). In the case of
a single transformation, Masser [21] solved this problem in a rather definitive
way. More recently, Corvaja and Zannier [9] used the Subspace Theorem to
prove a general result concerning the vanishing at S-units of analytic multi-
variate power series with algebraic coefficients. Based on this result, we prove
in Section 4 our own vanishing theorem, that applies to the study of several
Mabhler systems associated with different transformations. This is a key ingre-
dient for proving Theorem 2.4. In Section 5, we state Theorem 5.2, which is
an axiomatic result concerning the algebraic relations between values of func-
tions belonging to several Mahler systems. It is restricted to algebraic points
satisfying some ad hoc admissibility conditions called (A), (B), and (C), which
replace Conditions (a), (b), and (c) in this more general framework. Theorem
5.2 is proved in Section 6, while concrete and optimal conditions for admissi-
bility in Theorem 5.2 are obtained in Section 7. Theorems 2.1 and 2.4 are then
derived from these results in Section 8.

Notation. — We fix here some notation that we use in this paper. Given a
field K, we let denote by K* the set K\ {0}. Let d be a positive integer. If
a = (a1,...,aq) € (K% and k := (ky,...,kq) € Z%, then o¥ stands for

o/fl e agd. Given a d-tuple of natural numbers k := (k1,...,kq), we set |k| =
k1 + -+ + kg. The maximum norm of C% and the maximum norm of Mgy(C)
are both denoted by the same symbol || - [|. We let H(-) denote the absolute
Weil height over the projective space P*(Q). Given 8 = (B1,...,8q) € @d, we
also write H(3) instead of H(f1 : ---: B4 : 1).

3. Admissibility conditions for Theorems 2.1 and 2.4

Conditions (a), (b), and (c) in Definition 1.2 are necessary in order to apply
Mabhler’s method (cf. [17]). Though they appear quite naturally in transcen-
dance proofs, it is not easy, at first glance, to see how to check them. We
provide here a simple characterization of matrices and algebraic points sat-
isfying these conditions, gathering and slightly completing results of Masser,
Kubota, Loxton and van der Poorten.

Definition 3.1. — Let T be an n X n matrix with non-negative integer co-
efficients and with spectral radius p. We say that T belongs to the class M if
it satisfies the following three conditions.

(i) It is non-singular.

(ii) None of its eigenvalues are a root of unity.
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(iii) There exists an eigenvector with positive coordinates associated with the
eigenvalue p.

In particular, a matrix in the class M has a spectral radius p > 1.

Remark 3.2. — Let us consider r Mahler systems associated with transfor-
mations 17, ..., T, in M, all having the same spectral radius p. Then the diag-
onal matrix T := diag(T1, ..., T;) also belongs to the class M. More generally,
if 77 and T5 are two matrices in M whose spectral radii are multiplicatively
dependent, say p(11)P = p(T2)?, then the matrix

(TP 0
T"(O T§>

also belongs to the class M. Thus, if one considers » Mahler systems, asso-
ciated with transformation matrices Tj ..., T, € M, and with pairwise multi-
plicatively dependent spectral radius, it is possible to gather them into a bigger
Mabhler system whose transformation matrix also belongs to the class M, and
then to apply Theorem 2.1.

Given a one-variable Mahler system associated with a matrix A(z), we could
always consider the same twice system but with different variables. That is,
the system associated with the matrix

( A(gl) A(gé) ) '

This shows that some kind of minimal independence between the coordinates
of the point @ = (a1, ) is required in order to apply Mahler’s method. This
leads to the following natural definition.

Definition 3.3. — An algebraic point a € (@*)" is said to be T'-independent
if there is no non-zero n-tuple of integers p for which (T*a)* = 1 for all k in
an arithmetic progression.

With these definitions, we can gather results of Kubota [12]|, Loxton and
van der Poorten [14, 15|, and mainly Masser [21], to give the following useful
characterization of the notion of admissibility.

Theorem 3.4. — Let T be an n X n matriz with non-negative integer coef-

ficients and o € (Q*)" Then the pair (T, ) is admissible if and only if T
belongs to the class M, limy_,oo T*ax = 0 and o is T-independent.

Remark 3.5. — Note that it is easy to check whether or not a matrix belongs
to the class M. Furthermore, if aq,...,a, € C* are multiplicatively indepen-
dent complex numbers, then o = («y, ..., ay) is a fortiori T-independent. So,

Theorem 3.4 makes Theorems 2.1 and 2.4 very easy to apply concretely.
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Let us denote by U(T') the set of points & of (C*)™ such that Condition (b)
holds. Loxton and van der Poorten [14, 15| stated that when T belongs to
M, the set U(T) is a punctured neighborhood of the origin. We provide here
a proof of the following refinement.

Lemma 3.6. — Let T € M, then

UT) = {a e (CH": lim Tra = 0} .
k—o0
In particular, U(T') is open in (C*)"™, and contains the punctured open unit disk
of C™ with the mazimum norm thereon.

Proof. — Let us first show that U(T) contains the punctured open unit disk
of (C*)". Let e := (aq,...,,) € (C*)" such that ||af < 1. Set

L(a) := (—log|aq],...,—log|ay|) > 0.

By assumption, T has a positive eigenvector p associated with p(7"). We
can assume that all coordinates of p are smaller than those of L(c). We set
v = L(a) — p > 0. Following [14, Lemma 3|, we get that

—log [T*al| = |T*(L(e))ll = | T"(w) + T*W) | 2 IT* ()]l = p*lliell

for all & € N for T*v has positive coordinates. Condition (b) is thus sat-
isfied inside the unit open disk of (C*)". Now if a € (C*)" is such that
limy_,oo TFo = 0, then there exists kg such that TFa € U(T). Tt follows that
o also belongs to U(T). O

Now we show that only matrices in the class M can be admissible.

Lemma 3.7. — Let us assume that there exists an algebraic point o such
that the pair (T, ) is admissible. Then T belongs to M.

Proof. — Kubota [12] already noticed that if 7" has zero or a root of unity
as an eigenvalue, then there do not exist any point a satisfying Condition
(c). We show now that p = p(T) and, using Conditions (a) and (b), that
T has eigenvector with positive coordinates associated with the eigenvalue p.
Let us recall some classical results about matrices with non-negative integer
coefficients (see for instance [10]). A matrix 7" with non-negative coefficients
is said to be irreducible if there is no permutation such that 7" takes the form

(5¢):

where A and C' are square matrices. By Frobenius’ theorem [10, Chapter III,
Theorem 2|, if T is irreducible, then (iii) holds. Furthermore, if T" has exactly h
eigenvalues \q, ..., A, of modulus p(T), then \? = p(T) for every i, 1 <i < h.
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When h = 1, T is said to be primitive. Every matrix T" with non-negative
integer coefficients can be written, up to permutation, in the form

T
0 T,
3.1 T= ® ,
(3.1) Sip 0 Stk Tet
Sl/,l o Tn+1/
where T1,...,Tk+, are irreducible square matrices, and such that for each 1,

1 <@ < v, at least one of the matrices S;;, 1 < j < 4 is non-zero. This
expansion is called the normal form of T and is unique, up to permutations
of the blocks T1,...,T,, the blocks Tyxi1,...,Tk+y,, and also of the indices
inside each block [10, Chapter 4|. Following [10, Chapter 3, Theorem 6], T
satisfies Condition (iii) if and only if its normal form satisfies the following two
conditions.

(1) p(Th) = --- = p(T) = p(T),
(2) p(Tiyi) < p(T) for 1 <i <w.

Let us first show that p = p(T"). Condition (a) ensures that the coefficients of
T* are in O(p*). This implies that p(T) < p. Let us denote by L the map

L:z— (—log|zl|,...,—log|zn])
and = L(a). By construction, one has
L(T*a) = TF(x).
Condition (b) ensures that ||T%(zx)|| > vp* for some positive number . Thus
p < p(T) which gives that p = p(T"). We now show that the normal form of
T satisfies Conditions (1) and (2). We argue by contradiction. We assume
that (1) is not satisfied. Then there is a matrix T;, 1 < i < k, such that
p(T;) < p(T). Without loss of generality, we can assume that ¢ = 1. Let us
denote by x; the restriction of x to the coordinates of the block T3, and by

y the projection of &; on the eigenspace associated to the eigenvalue p(T}) of
T1. The matrix 77 being irreducible, one has

T (1) = p(T1)" y + O(p™")

for some p’ < p(T1). This contradicts Condition (c). We thus have p(T1) =
-+ = p(Tk) = p. Let us now assume that p(T,y;) = p(T) forsome j, 1 < j < v.
For the sake of simplicity, we assume that the normal form of T is

7 0
S 1y )’
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where S # 0, p(T1) = p(T2), and T1,T5 are irreducible. The proof is similar to
this case when there are more blocks. Raising T' to the power of h if necessary,
we can assume that h = 1. The matrices T3 et 15 are thus primitive. For every
positive integer k, one has

Tk:< k—1 le k—j—1 ’ )

S TySTY T Ty

As Ty and T5 are primitive and S is non-zero, the matrix Z;:é TQj S le 1 has
a coefficient, that is asymptotically equivalent to vkp”* as k tends to infinity, for
some positive number . This contradicts Condition (a). A similar argument
yields the general case. O

Proof of Theorem 3.4. — Let us assume that (7, a) is admissible. By Lemma
3.7, T belongs to M. Then Condition (b) implies that limg_, s TEka = 0.
On the other hand, it is easy to see that Condition (c) implies that o is T-
independent.

Conversely, let us assume that T belongs to M, and that a € (@*)" is T-
independent and satisifes limy_,o, TFa = 0. By Lemma 3.6, o € U(T). Follow-
ing Loxton and van der Poorten [14], since the matrix 7' € M and a € U(T),
Conditions (a) and (b) are satisfied with p = p(7'). Finally, Masser’s vanish-
ing theorem [21] implies that Condition (c) holds since a is T-independent.
Hence, the pair (T, ) is admissible. O

4. A new vanishing theorem

As already mentioned in the introduction, a well-known feature of Mahler’s
method is the great importance of finding natural and general conditions that
ensure non-vanishing conditions of type (c). Of course, our goal is to obtain a
vanishing theorem that can be applied to transformation matrices and points
which are as general as possible. Our contribution to this problem is Theorem
4.3.

In the case of a single transformation, after first results of Mahler, Kubota,
Loxton and van der Poorten, Masser [21] solved this problem in a rather defini-
tive way. However, in order to deal with several Mahler systems associated with
different transformations, a more general vanishing theorem is needed. First
results of this type were proved by Ku. Nishioka [25] and again by Masser
[22]. More recently, Corvaja and Zannier [9, Theorem 3| used the subspace
theorem to prove a general theorem about the vanishing at S-units of analytic
multivariate power series with algebraic coefficients. These authors already
noticed that their result could be applied to Mahler’s method. Though it is
restricted to power series with algebraic coefficients, the vanishing theorem of
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Corvaja and Zannier is very flexible. In this section, this flexibility is used to
derive from their result our own vanishing theorem.

In the framework of Mahler’s method, several vanishing theorems have been
formulated by saying that a non-zero multivariate power series cannot vanish
at all points in some well-structured large sets, the latter are obtained by the
iteration of the transformation matrix and usually involve arithmetic progres-
sions. In order to prove Theorem 2.4, we need to replace these “well-structured
sets” by sets which remain large but offer more flexibility. We use the notion
of a piecewise syndetic set, which is classical in Ramsey theory and especially
in its ergodic counterpart. As we just said, it can be though of as a notion
of largeness for subsets of N. Furthermore, Brown’s lemma (see Lemma 4.2)
shows that such sets are partition regular, and thus much more robust in terms
of partitions than arithmetic progressions are.

Definition 4.1. — A set £L C N is said to be piecewise syndetic if there
exists a natural number B such that for any given integer M > 2 there exist
l1 < -+ <lp in L such that

livi —1l; £ B, 1<i< M.
In this case, we say that B is a bound for L.

Let us recall that a subset of N is said to be syndetic, or sometimes relatively
dense, if it has bounded gaps. A subset of N is said to be thick if it contains
arbitrarily long intervals. Thus piecewise syndetic sets are those that can be
obtained as the intersection of a syndetic set and a thick set. In the sequel of
this section, as well as all along Section 7, we will use heavily the following
results.

Lemma 4.2. — Let L C N be a piecewise syndetic set with bound B. Then
the following properties hold.

(i) If L C L' CN, then L' is also piecewise syndetic.

(i) If L C Ui_,L;, then at least one of the L;’s is piecewise syndetic.

(iii) Let ly be a natural number. The set

Lo ::{leﬁ:(l—i—{lo,...,lo-i—B})ﬂﬁ?é@}

1s piecewise syndetic.
(iv) The set L contains arbitrarily long arithmetic progressions.

Proof. — The point (i) immediately follows from the definition, while points
(ii) and (iv) correspond to classical results respectively known as Brown’s
lemma (see [8]) and Szemerédi’s theorem [31]. Let us prove (iii). Let lp and
M be two natural numbers and let a be the smallest integer such that aB > .
Since L is piecewise syndetic, there exist a sequence I} < ly < -+ < l4y1)B
of elements of £ such that [;11 — I; < B. Let i« < M, we have that l;1,5 > o,
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then there exists an integer j < aB such that lo < l;1; < lp+ B. Thus we have
l; € Lo. This shows that [y,...,[ys all belong in the set £y. Consequently, Lg
is piecewise syndetic. O

In order to prove Theorem 2.4, we need the following result that refines the
vanishing theorem of Corvaja and Zannier in the context of Mahler’s method,
and also that extends it to series with coefficients in any finite dimensional
@—Vector space.

Theorem 4.3. — Let T1,...,T, be matrices in M such that

log p(Ti)/log p(T) ¢ Q  Vi#j.
Let us denote by n; the size of the matriz T; and set N := . n,;. Set

1 1
4.1 0= sy .
“1) <10g p(T1) log p(Tr)>
For everyl € N, we let ky := (ky1,..., ki) denote a r-tuple of positive integers.
Let us assume that
(4.2) Ik — 0] = O(1).
Let o == (au,...,q;) be an algebraic point in (C*)N such that oy is Tj-

independent for every i. Let L C C be a finite dimensional Q-vector space
and let g € L{z} be a non-zero analytic function. Then the set

{l eN: g(Tfl’lal, e ,Tfl’rar) = O}
s not piecewise syndetic.

Applying Mahler’s method to several Mahler systems requires some uniform
speed of convergence to the origin for the orbits of each algebraic point «; under
the matrix transformations 7;. As noticed by van der Poorten [30], one way
to overcome this difficulty is to iterate each transformation 7; k;-times, and to
choose the iteration vector k = (k, ..., k) so that asymptotically the matrices
Tiki have essentially the same radius of convergence. As we shall see in Section
7, this forces us to consider only iteration vectors k that remain at a bounded
distance from the real line RO, where O is defined by (4.1). This explains why
the assumption (4.2) is natural in this framework. In the rest of this section,
we set Ty, o 1= (lel’lal, . ﬁ“ar). Before proving Theorem 4.3, we need
the following result.

Lemma 4.4. — Let us keep the assumptions of Theorem 4.3. Then, for every
non-zero integer N-tuple ., the set
Lo = {l eN: (Tkla)p' = 1}

s not piecewise syndetic.
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Proof. — We argue by contradiction, assuming that Ly is piecewise syndetic.
For every pair of non-negative integers (l,e), with e > 0, we define the
r-tuple e := e(l,e) = (e1,...,e,) by

(4.3) e=k.—k
and we set
& :={e(l,e), I, e € N}.
Since k; =10 + O(1), we obtain that
(4.4) e(l,e) =e© +0O(1),

which shows that £ is infinite. However, given any fixed positive integer eq,
the set {e(l,eq) : | € N} is finite.
We remark that there do not exist two complex numbers 3,8, ¢ {0,1}
such that there is a pair (i,7), 1 <i < j <r, satisfying
e _ 3%
1 = P2
for infinitely many e = (e1,...,e,) € £. Indeed, let us assume that there
exists an infinite set & of such e = (e1,...,e,) € £. We first observe that
v = log B,/log By = ej/e;, thus v € Q. On the other hand, one has e; =
Eijve — kiy and e; = kj 1. — kj;, which gives
_ Kjie — Ky
Eijve — Kiy
where we let ky, ,, denote the n-th coordinate of k,,. Since & is infinite, there
exist infinitely many e € & such that e = e(l, e) and where e can be arbitrarily
large. Letting e tend to infinity, Equality (4.4) implies that

_ Jogp() _

log p(T})

which contradicts the multiplicative independence of p(7;) and p(Tj). Let us
recall that, by assumption, none of the eigenvalues of the matrices T; are equal
to zero or a root of unity. Thus there exists a positive integer ey such that for

every e > e, every | € N, every eigenvalue \; of T; and every eigenvalue \; of
T;, i # j, then

)\?i 75 )\jj
where e = e(l,e) = (eq,...,e,). In particular, for such e, every vector subspace
V of CV that is invariant under the (right) action of the matrix

T

(4.5) T, :=
Ter
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can be decomposed as
V=Prv),
i=1

where each V; C C™ is a vector space invariant by 7;', and where we let
m; : CV = Cmit+nr 5 C™% denote the projection on the block corresponding
to the matrix T;.

We are now ready to proceed with the proof of the lemma. Let us consider
the column vector & whose transpose is the vector

(logay 1,logaq 2, ..., log oy pny,log s, ... logayp,) .
We also set x; := m;(x). By assumption, we have that
(e, T, () = 0

for all [ € Ly. Let us denote by U the orthogonal complement to the vector
p in CN. This is a proper subspace of CV defined over Q, which contains
all vectors Ty, (), | € Lg. Given L' C Ly, we let U(L') denote the smallest
vector subspace of CY over Q and containing all Ty, (x), 1 € L. Tt follows that
U(Ly) C U. Furthermore, if £ C L', then U(L") C U(L'). The subspace
U(Ly) being finite dimensional, there exists a subset £ C L that is piecewise
syndetic, and such that for all piecewise syndetic set £ C L1, one has

UL)=U(Ly).
Let B be a bound for £; and set
& ={e(l,e):e€ ey, e0 + Bl,l € L1,l+e€ Ly},
where e is defined as in the first part of the proof. This is a finite set. Let
Lo:={l € Ly:3e € leg,eo+b] such that | +e € L;}.
By Lemma 4.2, the set Lo is piecewise syndetic. Now for e € &, we set
Le:={l€ Ly: Te(Thy(x)) = T, (x) € U(L1) with e = e(l,e)}.
If I € Lo, then there exists e € [eg, ep + b] such that | € L, with e = e(l,e).
Hence, Lo C Uecg,Le. Since Lo is piecewise syndetic, Lemma 4.2 ensures the
existence of e € &y such that L, is piecewise. Furthermore, L, C £1. Thus we
obtain that
U(Le) =U(Ly).
Hence, the vector space U(Lq) is closed under Te, for if Ty, (x) € U(Le) =

U(L1), then Te(Tk,(x)) € U(Ly). The first part of the proof shows that there
is a decomposition of the form

U(Ly) = EBWZI(Ui%
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where, for every i, U; = m;(U(L1)) C C™ is a vector space closed under T},
and defined over Q, where e = (eq,...,e,). Since U(L;) is a proper subspace
of CN, there exists i, 1 < i < r, such that U; is a proper subspace of C. This
space being defined over Q, it has a non-zero vector vy € Z™ in its orthogonal
complement. We thus have

ik
(vo, T (%)) = 0,
for all I € £1. The set L1 being piecewise syndetic, we infer from the definition
of the k;, that the sequence (k; )z, also forms a piecewise syndetic subset of
N. By property (iv) of Lemma 4.2, it contains arbitrarily long arithmetic pro-
gressions. Let us consider an arithmetic progression of length n; in (k;;)iez,,
say
a,a+b,a+2b--- ;a+ (n; —1)b,

where a,b € N. We consider the sequence of vector space

VoC - CVpy Cug
defined by

V; = Vectg {Tfia(:ci), . ,Tiei(aﬂb)(a:i)} .

Since dim V,,,_1 < n;, there exists jo such that Vj, = Vj,+1. The vector space
Vj, is then closed under T¢* and we get that

<VO ’ Tei(a—ch) ($z)> =0,
or equivalently that

7

(17 ay)™ =1

for all ¥ € N. It follows that «; is not T;-independent, which provides a
contradiction. This ends the proof. O

We are now ready to prove Theorem 4.3.

Proof of Theorem 4.3. — We keep the notation of the proof of Lemma 4.4.
We argue by induction on the dimension t of the Q-vector space L.

Let us first assume that ¢ = 1. Then, dividing if necessary ¢ by some
constant, there is no loss of generality to assume that g € Q{z}. Let u € Q.
We first show that for every non-zero integer N-tuple p, the set

Lo = {l € N: (Tkla)” = u}

is not piecewise syndetic. Let us assume by contradiction that Lg is syndetic
and let B be a bound for £g. Set

E:={e(l,e):l € Lo, l+ee Lye<B}.
This is a finite set. For every e € £, set
Lo = {z €N (Th,a) T = 1}
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and
Ly1:={l€ Ly:Te< Bsuchthat l +e€ Ly}.

Lemma 4.2 implies that £, is piecewise syndetic. For | € L, there exists
e =¢(l,e) € £ such that e < B and [ + e € Ly. Then we obtain that

(They )
(TeTkla)“
= u/u
= 1.

(T, )T =

We thus have £1 C UeceLe and Lemma 4.2 ensures the existence of e € £ such
that L, is piecewise syndetic. By Lemma 4.4, it thus follows that p—Tep = 0
for such a vector e, which contradict the fact that none of the T; has a root of
unity as eigenvalue. Thus we conclude that Ly is not piecewise syndetic.
We set
0:={l eN:g(Tg,a) =0} .

Conditions (a) and (b) allow us to apply Theorem 3 of [9] to the sequence of
points (Tk,a)ien. In order to apply their results, we need to prove that the
following three conditions are satisfied.

(i) There exists a finite set of places S such that the algebraic points Tk, o
are S-units.
(ii) The sequence (T, )y tends to 0.
(iii) One has log H(Tk, o) = O(—log || T, cx||), where we let H denote the
absolute Weil height as defined at the end of section 2.

Condition (i) is easy to check. Indeed, any finite number of non-zero algebraic
numbers are S-units for some S. The coordinates of the vector a are thus
S-units for some &, and it follows directly that all Ty, are then S-units.
Since by assumption ay; € U(T;), the sequence (T, or)en tends to 0 and (ii) is
satisfied. Next we check that (iii) holds. The matrix 7; belonging to the class
M, it follows from [14] that

ITF| = O(p(Ty)*)  and —log | T ev|| = O(p(T3)")
for all non-negative integer k. The way we choose the vector © and of the
vectors k; ensures that

log H (T, ) = O(plktl) and —log | Tk, x| > cpl®l,
where p = ¢!/1®l and where ¢ is a positive real number (see the proof of lemma
7.2 for further detail). We deduce that log H (T, o) = O(—log || Tk, c¢||). Thus

we can apply Theorem 3 of [9] to the sequence of algebraic points (Tk,)ien
and the function g(z). We obtain the existence of a finite number of N-tuples
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Ky, ..., s and of algebraic numbers uq, ..., us, such that
S
cyc L
i=1

where
L;:={leN: (Tg,c)" =u;} .

As we have already proved that none of the sets £ are piecewise syndetic, it
follows from Lemma 4.2 that L£f is not piecewise syndetic. This proves the
theorem when ¢ = 1.

We assume now that ¢ > 2. By induction, we also assume that the theorem
is true when the dimension of L is less than ¢. Let aq1,...,a; be a basis of L
over Q. We consider the decomposition

(4.6) 9(2) =Y aigi(z),
=1

where g;(z) € Q{z} for 1 <i <t. Set
Lo:={leN: g(Ty,a) =0}
and let us assume that Ly is piecewise syndetic with bound B. We set
E:={e(l,e):l € Lol +ee Lye<B}.

For every e € £, we consider the power series
t—1
he(2) =Y ai(9:(2)g:(Tez) — 9i(Tez)g1(2)) -
i=1
We also set
Le:={l€N: he(Tka) =0},

and

Ly:={l € Ly:TJe < Bsuchthat | +e € Lo}.
Therefore, for every [ € L1, we have

he(Tiya) = g(T,)ge(Th,, . 0) — 9(Th,, . ) ge(Th, )
for a e € £. This shows that £1 C UecgLe. Since L1 is piecewise syndetic and
& is finite, Lemma 4.2 implies that L is piecewise syndetic for some e € £.
By induction, we thus get that he(z) = 0. Then, we infer from the Q-linear
independence of the a;’s that
91(2)g1(Tez) = gi(Tez)gi(2)

for every i, 1 <i <t—1. We can now apply a result due to Ku. Nishioka [27,
Theorem 3.1| that we recall now. Let T be a non-singular square matrix with
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non-negative integer coefficients and such that no root of unity is an eigenvalue
of T. If h(z) € C((z)) satisfies the equation

hTz)=ch(z)+d
for some c¢,d € C, then h € C. The matrix T, satisfies the assumption of this
theorem, so we can apply it to the power series h;(z) = gi(z)/g:(z). We deduce
that for every i, 1 <1 < t—1, there exists v; € C such that g;(z) = v,9:(z). We
can thus write g(z) = ag¢(z) with a = ) a;7;, which corresponds to the case
t = 1. In that case, we already proved that £y cannot be piecewise syndetic, a
contradiction. This ends the proof. U

5. Mahler’s method in families

In this section, we state Theorem 5.2 which is an axiomatic result concerning
the algebraic relations of values of several Mahler systems at algebraic points
satisfying some ad hoc admissibility conditions called (A), (B), and (C), which
replace Conditions (a), (b), and (c) in this more general framework.

5.1. Families of Mahler systems. — Let r be a positive integer. For every
1, 1 <1 <7, we consider a regular singular Mahler system of the form

fia(zi) fia(Tizi)
(5.1.1) : = A;(z;) :
fi,mi(zi) fi,mi (TZZZ)
where n; and m; are positive integers, z; = (2i1,...,%in,;) is a vector of
indeterminates, T; is an n; X n; matrix with non-negative coefficients, A;(z;)
belongs to € GL;,,(Q(z;)), and the functions f;1(2;),..., fim,(zi) belong to
Q{z;}. Note that we have to replace A4;(z;) by A;(z;)~! to obtain a system as
n (1.1). However, it is more natural in our proof to work with systems written
in the form (5.1.1).
In order to lighten the notation, we let f;(z;) denote the column vector

formed by the functions f; 1(2i), ..., fim,(2:). We will also set

T T
(5.2) M = Zm, and N = an
i=1 =1

Iterating k times the system (5.1.1), one obtains the new system

(5.3.1) fi(zi) = Ain(zi) £(T) 2:)
where we let A; ;, denote the k-th iteration of the matrix A; by the transfor-
mation T;, that is,

Ai,k(zi) = Az(zz)Az(Tzz) ce Ai(Tk_lzi) .
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Set z := (z1,...,2,) and by abuse of notation f;(z) := f;(z;). For every r-

tuple of positive integers k = (k1,--- , k), one can collect together the systems
(5.3.1) in a single one as follows:

f1(2) A (21) f1(Tkz)
(5.4) = - :

I (2) Ak, (2r) fr(Tiz)

where we let T}, denote the block diagonal matrix diag(lel, e ,Tfr). Finally,
we let denote by f(z) the column vector formed by all functions f; ;(z;), and
by Ag(z) the block diagonal matrix defined so that (5.4) can be shortened to

(5.5) f(z) = Ap(2) f (Tkz) -
We keep these notations for the rest of the paper.

5.2. Multivariate exponential polynomials. — By definition, every ma-
trix A;(z;) is conjugated, in the sense of Definition 1.1, to a matrix B; €
GLy, (Q). Let T' € C* denote the multiplicative group generated by all eigen-
values of the matrices B;. Iterating k times the system (5.1.1) leads to the new
system (5.3.1), and the corresponding matrix B; is then transformed to Bf .
Iterating each system a suitable number of times if needed, one can assume
without loss of generality that I' is torsion-free. Let Rr, denote the Z-module

generated by the image of all maps of the form:
N — Z(I)
ko= (b eok) = Tl (2FR)

where v1,...,7 € I" and ji,...,j, € N. Elements of Rp, are called (I',r)-
exponential polynomials. Let A be a ring with zero characteristic. One defines
the A-algebra of (I',r)-exponential polynomials Rr, ®z A by extension of
scalars to A.

(5.6)

5.3. Statement of the axiomatic theorem. — Again, there are some
rather natural conditions that seem to be inherent to our generalization of
Mabhler’s method.

Definition 5.1. — Let o, ..., a, be algebraic points with non-zero coordi-
nates. The family of pairs (7}, ;) is admissible if there exists an infinite set
K C N" and a real number p > 1 such that the following conditions hold.

(A) The coefficients of the block diagonal matrix T} belong to O(pl¥l), for
kck.
(B) log ||Txex|| < —cpl*!, for some positive real number ¢ and all k € K.
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(C) If L is a finite-dimensional Q-vector space and 1) € Rr, ®z L{z} is such
that the family (y(k, 2))gcxc is not identically zero, then ¥ (k, Tia) # 0
for infinitely many k € K.

These admissibility conditions are studied in Section 7. One can now state
the main result of this section.

Theorem 5.2. — Let us consider r reqular singular systems (5.1.1). Let o =
(a1, - ,a.) € (C)N an algebraic point such that the family (T, o) 1<i<y i
admissible and every o is reqular. Then if P € Q[X], X := (Xi,j)i<r, j<m, 15
a polynomial, homogeneous of degree d; in the indeterminates (X; j)j<m,, such
that

P(fii(ar), ..o frm (), f2a1(@2), ..., frm, () =0,

Then there exists a polynomial () € @[z,X], homogeneous of degree d; in the
indeterminates (Xj j)j<m,, such that

Qz, fii(z1),.. s frm(2r)) =0 and Q(a, X)=P(X).

Adding if necessary the function identically equal to 1 to our systems shows
that Theorem 5.2 remains true when P is not homogeneous. Section 6 is
devoted to the proof of Theorem 5.2. We stress that, in the case where r =1,
one recovers Theorem 2.1 by taking K = N.

6. Proof of Theorem 5.2

Our proof of Theorem 5.2 follows the same strategy and steps as the proof of
the main result of [16]. However, the proof of Lemma 5 in [16] is not complete.
Furthermore, it is not clear that the definition of the so-called indez in [16] has
the required multiplicative properties asked for Lemma 5. This deficiency has
already been emphasized by Ku. Nishioka [24]. The present proof overcomes
this difficulty and also provides more detailed argument at several places.

From now on, we assume that for every integer ¢, 1 < ¢ < r, the matrix
A;i(z;) is conjugated to a constant invertible matrix through an analytic gauge
transform. That is, we assume that for every integer i, 1 < i < r, there exists
a matrix ®;(2;) € GLyy, (Q{2;}) such that

(6.1.i) ®;(Tz:)Ai(2:)®; 1 (2:) € GL,(Q).

We first prove Theorem 5.2 in that case. Then we show in Section 6.8 how to
extend our proof to the general case.

All along the proof of Theorem 5.2, we let K denote a subset of N satisfying
all properties required by Definition 5.1. We also consider a vector of M
indeterminates X = (X1,...,X,), where X; := (Xj1,...,X;m,) and M

is defined as in (5.2). Let us now assume that P € Q[X] is a polynomial,
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homogeneous of degree d; in X, for each ¢, such that

P(f(a)) =0.
Let s denote the number of distinct monomials of degree exactly d; in X, for
each 4, and let us denote by X#1, ..., X#s these monomials, where p;,..., g

are M-tuple of non-negative integers. Then the polynomial P(X) can be
uniquely decomposed as

s
P(X) = ZTquj’
j=1

where 7; € Q. Set 7 := (71,...,75) and, given s indeterminates t1,...,ts,
t:= (t1,...,ts). Then we define the form F(t, z) by

(6.2) F(t,z):= Zs:tjf(z)”f .
=1
This is a linear form in ¢. At the poirft (T,a), one has
Flr,a) = iij(a)“j
j=1
63) — P(f(e)

= 0.
6.1. Iterated relations. — For 1 <1 < r, we let B; be an m; X m; matrix

with coefficients in some ring R, and we set B the M x M block diagonal
matrix diag(By, ..., B,). We notice that (B(X))¥ € R[X] is a homogeneous
polynomial of degree d; in each set of variables X ;. We let R;;(B) denote the
elements of R defined by

(B(X))* = Rj(B)X*H.
=1

We stress that the R;; are polynomials of degree d := max{dy,...,d,} in the
coefficients of the matrix B. Let k € N”, we infer from (5.5) that

F(t,z) = Y t;f(z)"
j=1
= > t; (A(2) f(Tr2))"
j=1

= F| (D tiRju(Ar(2) | Tkz
j=1

I<s
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Set
(6.4) Tk = ZTjRj’l (Ak(a)) S @ and T = (Tl,kn e aTs,k:) .
j=1

It follows from (6.3) that
(6.5) F(Tk, Tka) = 0,
for all k € N".

6.2. Structure of the numbers 7; . — Here is the part of the proof where
the restriction to regular singular systems is really needed. We use this prop-
erty to connect the algebraic numbers 7;; to values at Tpa of multivariate
exponential polynomials. This connection appears to be fundamental in the
proof of Theorem 5.2.

Lemma 6.1. — For every j, 1 < j <s, there exists 1; € Rr, ®z C{z} such
that

ik = V;(k, Thar)
for all k € N". Furthermore, there exists a finite dimensional Q-vector space
Lg such that for all k € N” and all j, 1 < j < s, the coefficients of the formal
power series 1j(k, z) belong to Lg.

According to Equation (6.1.1), for every positive integer ¢, 1 < i < r, there

exist a matrix ®;(z;) € GL,,(Q{z;}) and a matrix B; € GL,,,(Q) such that
By = ®;(2z;) 1 Ai(2:)®(Tyz;) -
Iterating this equation, for every positive integer k we get that
Bf = ®(zi) " Auk(zi)®i(TF 2:)

from which we deduce that

(6.6) Aii(2zi) = ®i(zi) Bf O (T 2i)
Given a r-tuple of positive integers k := (k1,..., k), we thus write
(6.7) Ap(z) = ®(2)Br®(Txz) ",
where we set
®1(21)
O(z) := )

P, (27)

and
Bh
By =

Bl

T
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We need the following result.

Lemma 6.2. — For every r-tuple k € N", the matriz ®(z) is well-defined
and non-singular at Tpor.

Proof. — By assumption, the matrix ®(z) is well-defined in some neighbor-
hood of the origin. It follows from (B) that for k € K such that |k| is large
enough, the matrix ®(z) is well-defined at T . Furthermore, for every k € N”,
one has

(6.8) ®(z) = A(2)®(Txz) By,

and since the point « is regular, Ag(z) is well-defined at a for all k. Consid-
ering Equality (6.8) for |k| large enough, it follows that ®(z) is well-defined at
a. Inverting (6.8), we obtain that

(6.9) O(Tpz) = Ar(2)"'®(2) By, ,

and since Ag(z) is non-singular at « for all k, we deduce that ®(z) is well-
defined at Tpa for all k.

By assumption, det ®(z) # 0. It thus follows from (C) that there exists
k € N" such that det ®(Txx) # 0. That is, ®(z) is non-singular at Ty
Using Equality (6.8), we get that ®(z) is non-singular at . Using (6.9), we
deduce that ®(z) is non-singular at T for all k. O

Proof of Lemma 6.1. — By Lemma 6.2, we can define the matrix
B(k,z) := ®(a)Bp®(2) " .
This matrix is block diagonal, well-defined at T for all k € N” and one has
Bk, Tya) = Ag().
For 1 <1< s, we set

(6.10) ik, z) = > 7R (B(k,2))
j=1
where the polynomials R;; are defined in (6.4). We thus infer from (6.4) that

wl(k,Tka) = ZTjRjJ(B(k,Tk,a))
j=1

= > 7R (Ak(@))
j=1

- Tl,k:-
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Using the Jordan decomposition of the matrices B;, one can show that the
maps k — j(k,z), 1 <j <s, belong to Rr, ®z L, where we let

L:=C(z,®(2))

denote the field generated over C by the indeterminates z and the coefficients
of the matrices ®(z).

On the other hand, when k € N” and j are fixed, the power series ¥;(k, 2)
has coefficients in the (finite-dimensional) Q-vector space Lq generated by the
monomials of degree at most d in the coefficients of the matrix ®(a). O

In the sequel we will use the compact notation

Pk, z) = (Vi(k, 2),...,¢0s(k, 2)) .

6.3. Formalization of the field L and valuations. — This part brings a
new contribution with respect to the strategy of [16]. In [16], the authors define
the index of an element £ = 3 p,(t)z" € C[t][[2]] as the smallest integer h
such that there does not exist a polynomial P € C[t, z] whose coefficients agree
with those of E for all powers z#* with |u| < h, and such that P(7g, Tpa) =0
for all k € K. Lemma 5 in [16] then claims that

index (E1(t, z)Ea(t, z)) = index E1(t, z) + index Fs(t, z),
for every Ei, Ey € CJt][[z]]. In particular, the inequality
index (E1(t, z)Es(t, z)) < index Fj(t, z) + index Es(t, z),

is used at a key point in there proof. However, it is not clear that something
even approaching is true. It seems that these authors made the following mis-
take. They argue as if given Pj(z) a polynomial approximation of Fj(z) at
order 71 and P5(z) a polynomial approximation of Es(z) at order r, the poly-
nomial P;(z)P5(z) would provide a polynomial approximation of E(z)FE2(z)
at order r; + 2. This is clearly not true. Of course, one can prove that

index (E1(t, z)E2(t, z)) > min{index Ej(t, z),index Es(t, z)}

but this is of no help in their proof. In order to overcome this problem, we
show here how to replace the field . by a Noetherian ring A which is just a
quotient of a ring of polynomials. This allows us to avoid the use of the index
and to work simply in terms of valuations associated with prime ideals.

6.3.1. The ring A. — Let us note that IL has finite transcendence degree
over C(z), say ¢. Among the coefficients of the matrices ®(z), we can pick
®1(2),...,¢¢(z), which are algebraically independent over C(z). Lemma 6.2
ensures that the power series ¢;(z) are well-defined at T*a for all k € N'.
The field L is a finite algebraic extension of C(z,¢1,...,dy), say of degree
dy. Let ¢ be a primitive element of L, that is, such that ¢ generates L



28 BORIS ADAMCZEWSKI & COLIN FAVERJON

over C(z,¢1,...,¢7). Multiplying ¢ by an element of C[z, ¢1,. .., @] if neces-
sary, we can assume that ¢ is integer over the ring C[z, ¢1,...,¢¢]. The ring
Clz, é1, ..., dd[¢] is thus a free C[z, ¢1, ..., ¢¢]-module of rank dy, generated
by 1,¢,...,¢%~1 This is also a subring of the ring C{z}. By Lemma 6.2, the
series ¢(z) is well-defined at T*a for all k € N'.

Let us consider Y7,...,Y,, U, £+ 1 indeterminates and let us denote by R €
Clz, ¢1,...,¢¢[U] the (monic) minimal polynomial of ¢. Then we consider

the ring
Clz,Yi,..., YU
A= [z, 11 = Ul ’
where we let Z denote the ideal of C[z,Y7,...,Yy, U] generating by the poly-
nomial R(z,Y1,...,Ys, U).

6.3.2. Valuations in A. — We first note that the ring A is Noetherian. We
let (z) denote the ideal generated over A by the elements 21 1, ..., 2, p,. This
ideal is not necessarily prime. However, since A is Noetherian, there exist

distinct prime ideals pq,...,pp in A and positive integers eq, ..., ep, such that
h h
(6.11) [Isfcz) c(pi-
i=1 i=1

For every i, 1 <1 < h, we let v; : A — N denote the valuation associated with
the prime ideal p;. That is, for every a € A, we have

vi(a) :=sup{s e N:a € pi}.
In particular, ;(0) = 4+o0. Similarly, we set
vz(a) :=sup{s € N:a € (2)°}.
But, v, is not necessarily a valuation for (z) may not be prime. However, we
infer from (6.11) that
(6.12) vy(a) <vi(a),
foralla e Aand all i, 1 <i < h.

6.3.3. Formalization of 9. — Let U := UmodZ € A. Since the ¢;’s are
algebraically independent over C(z), there exists a ring isomorphism o defined
from C[z, ¢1,...,¢e]¢] to A by

o: Clz,¢1,...,00,0] — A
¢; — Y,
T
The field L is the field of fractions of Clz,¢1,...,¢¢[p], while the field
C(z,Y1,...,Y))[U]/T is the field of fractions of A. Here, we let Z denote
the ideal generating by R in C(z,Y1,...,Yy)[U]. Thus o extends to a field
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isomorphism

o:L—C(z,Y1,...,Y)[U]/T.
By definition, the matrix ®(z) has coefficients in L. There thus exists
Q(z,01,...,00,0) € Clz,01,...,¢¢,¢] such that the matrix Q®(z)~! has
coefficients in the ring Clz, ¢1,..., ¢, ¢]. Applying o to the multivariate
exponential polynomials (., z), we get that

Qz,Y1,...,Y, U)o (¢j(k,z)) € A,

for every j and k. Now setting

Xj(k) = Q(Z, Yi,..., Y, U)J (T,Z)j(k, Z)) s
the maps k — x;(k) are elements of R, ®z A. In the sequel we will use the
compact notation

(6.13) x(k) == (xa(k), ., xs(k)).

6.4. Vanishing of polynomials at (7g,7xa). — In this section, we de-
scribe the Q-vector space of polynomials in Q[t, z], which are homogeneous in
t and vanish at (7, Tp).

For every k € N",| we define the morphism:

ov { Qlt,z] — A
ke P — P(x(k),z).

6.4.1. Vanishing Lemma. — Let Vj denote the set of polynomials P € Q[¢, z]
which are homogeneous in ¢, and such that

P(x(k),z) =0,
for all k € K.

Lemma 6.3. — Let P € Qlt, z] be homogeneous in t. The following are
equivalent.
(i) For all but finitely many k € K, P(Tg, Tpaxr) = 0.
(ii) For allk € K, P(Tk, Tiax) = 0.
(iii) P € Vp.
Proof. — (ii) = (i). Trivial.
(iii) == (ii). Let us assume that P € V{ with degree ¢ in ¢, so that

P(x(k),z) =0forall k € K. As o is aring isomorphism and P is a polynomial,
we obtain that for all k € IC,

P((k, z), z) P(o~H(Q 'x(k)), 2)

(6.14) = o (Q°P(x(k),z))
0,
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where we let § denote the degree of P in ¢t. But for all k € N", ¢(k, Tpa) = T,
so that evaluating (6.14) at z = T, we get that

P(rg, Tra) =0, forall k e IC,

as wanted. -
(i) = (iii). Let P € Q[t, 2] be homogeneous in ¢t with degree ¢ in t. Now,
let us assume that, for all but finitely many k € IC, we have

P(Tk, Tka) =0.
The map

ks Pp(k, 2), 2)
belongs to Rr, ®z C{z}. Furthermore, there exists a finite dimensional Q-
vector space L such that P(¢(k,z),z) € Rr, ®z L{z} since we already ob-
served that ¥ (k,z) € Rr, ®z Lo{z}, where Ly is finite dimensional over Q.
Taking z = T, we obtain @ (k, Tpa) = Tk, and thus

P(y(k,Tyar), Tyo) = 0
for all but finitely many k € K. Then, Condition (C) of Definition 5.1 gives
P((k,2),2) = 0
for all k € K. Applying o, we get that
P(x(k),z) = Q'P(Q 'x(k),z)

= Qo (P((k.2),2))

= 0.
Thus P € Vy, which ends the proof. O

6.4.2. FEstimation of the dimension of some vector spaces. — Our Lemmas
6.4 and 6.5 mainly correspond to Theorem 3 and Lemma 4 in [16]. However,
the vector space Vj considered here being not the same as the one defined in
[16], we supply the reader with proofs of these two results.

Given two positive integers 1 and do, we let V' (41, d2) denote the set of poly-
nomials P € Q[t, z] which are homogeneous of degree §; in the indeterminates
t, and whose total degree in z is at most dy. It is a Q-vector space. We then
set

Vo(d1,02) :== Vo NV (d1,62) .
We also consider the quotient space

V (61, 02) 1= V(81,02)/Vo (61, 02) .

We stress that the value of a polynomial at the point (7, Tx), k € K, only
depends on its equivalent class in V. This is a direct consequence of Lemma
6.3.
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Lemma 6.4. — The dimension v(81,02) of the Q-vector space V(61,82) sat-
isfies
v(61,62) ~ C1(61)65

where C1(01) is a positive real number that does not depend on Js.

Proof. — Let

P = Z P ut’2H
|v|=61,|p|<d2

be in V (81, 02). Let dg be the degree of the field extension generated by U over
C(z,Y1,...,Yy). Then for all v such that |v| = d;, we have
x (k)Y = 3 Sy e jus(B)2TI Y Y € A,
|w|< 8 ,0<j <do, k| <67

where 6] and ¢/ only depend on 1, and where the map k — S, o j (k) is an
element of Rr, ®z C. It thus follows that

P(X(k)’ z) = Z Z Su,w,j,n(k)py,)\_w ZAUJYIM . Y;e ’

Ad o \|v|=01,|w| <8 k<67
where we set p, x»—, = 0 when A —w ¢ NV. A polynomial P € V(61,02)
belongs to Vp if and only if, for every (N + ¢ + 1)-tuple (X, j, k), we have
(6.15) Y. SvwisFPra-w =0,
for all k € K. We consider a decomposition
Rr,@7C=Wa W,

where we let W denote the vector space formed by the sequences S € Rr,®zC
such that S(k) =0 for all k € K. Given S € Rr, ®z C, we let ST denote the
projection parallel to W of S, on W+. For every (N 4 ¢ + 1)-tuple (X, j, k),
Equality (6.15) is equivalent to

Z Sli_,w,j,n(')pu,A—w =0¢ RI‘,r ®z C.

For every tuple (v,w,j, k), we write

q
1 _ k E . Y
Su,w,j,n(k) = § n; Swg,u,mznk )

=l yl<u
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where n; = (0i,1,...,mir) € I and 54 v ki~ € C. Thus, P € Vj if, and only
if, for all (X, j, k,~,17), we have

(6.16) > SwjvminPra-w =0,

IV‘:él,‘w|§6i
Let A(d1,02) denote the number of indices (A, j, k, 7, i) where |A| < 6o, A—w €
NV for all w with |w| = 81, j < do, |k| <67, |7| <u, and i < q. Then

A(81,82) ~ ¢1(61)0Y

as do — oo, and where ¢1(d1) is a positive real number that does not depend
on 0.

On the other hand, V{ is defined by a number L(d1,02) of independent
linear equations in the coefficients of P given by (6.16). The family of complex
numbers {sq, j v ki~ ) is independent of d; and and we claim that these complex
numbers are not all zero. Indeed, if we assume that s, ju, ki~ = 0 for all
indices w, j,v, K, i,7y, then the maps k — Siw,jﬁ(k) are all identically zero.
But Sy w j«x(k) = 0 for all k € K implies that x(k)¥ = 0 for all v with |v| = ;.
It follows that x;(k) = 0 for all k € K and all i € {1,...,s}. Applying the
isomorphism o~ !, we get that 1 (k, z) = 0 for all k € K. Finally, evaluating at
z = T, we obtain that 7, = 0 for all k € K, and thus 7 = (11,...,75) = 0.
This provides a contradiction. Hence, L(d1,d2) is nonzero. If A is such that
A —w € N¥ for all w with |w| = &, then the corresponding number of
independent equations given by (6.16) is a non-zero number c2(d1) that does
not depend on A. Hence, we have

L(51,52) ~ 62(51)/\(51,(52)
~ 01(51)02(51)55\7.

as 02 — 00. Setting C1(d1) := ¢1(d1)c2(d1), we obtain that the dimension of
V (01, 62) satisfies

v(81,02) ~ C1(61)85
as 09 — 00. O

Lemma 6.5. — For all pair of positive real numbers (61,02), we have
0(251, 52) < (S + 1)’0(51, 52) .

Proof. — Let P € V(241,62). We claim that P can be decomposed as

(6.17) P(t,z) = Py(t, z) + itflPi(t,z),
i=1
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where P; € V(61,02), 0 < i < s. Indeed, let us write
P(t.z)= Y p(2)t”.
v|=26,

For every v = (v4,...,14), there exists at most one i := i(v) such that v; > ¢.

Set

Pit,z) =Y p,t't;",
where the sum runs along the set of v such that i(v) = i. We also set Py :=
> put” where the sum runs along the set of v such that v; < §; for all i. We
thus get the decomposition (6.17). Now, if Q1,...,Q, is a basis of V (81, d5),
the set formed by Q; and tfl Qj,for 1 < j<wvand1l<1i<sis a generating
set of V (201, 62).This ends the proof. O

6.5. Vanishing of F(t,z). — Let us recall that the function F(t,z) is de-
fined by

F(t,z) =Y tif(z)".
=1

By definition, F(t,z) € C[t][[z]]. Writing F' as a formal power series in z, we
get that

Fit,z)= 3 )2,
AENN
where the [y are linear forms in t. For a non-negative integer ¢, we let

Fy(t,z) == Z In(t)z>
AENN : | Al<q
denote the partial sum of F(t,z) at order ¢ with respect to the variable z.
More generally, given E(t,z) = 3, ex(w)z> € C[t][[2]], we set
Eq(t,z) := Z ex(t)z* € C[t, 2]
AENN 1 |A|<q

Our aim is now to prove the following result which replace Lemma 6 in [16].
Lemma 6.6. — There exist kg € K and ig, 1 < ig < h, such that
(618) Vio(Fq(X(kO)’z)) 2 q,

for all non-negative integer q. Furthermore, we can choose kg so that
Q(z,01(2),...,00(2),0(2)) does not vanish at the point T, cx.

6.6. Proof of Lemma 6.6. — The proof of Lemma 6.6 follows some classical
arguments introduced by Mahler [17]. We construct an auxiliary function
using simultaneous (Padé) approximation of the powers of F(t,z). Assuming
by contradiction that the conclusion of Lemma 6.6 does not hold, we ensure
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to this auxiliary function a high order of vanishing at z = 0. Providing an
upper and a lower bound at (7g,Tgca) for this function, we then obtain a
contradiction.

6.6.1. Auaziliary function. — For every pair of positive integers (d1,d2),
we consider a complement V7(d1,02) to Vy(d1,d2) in V(d1,02). We also set

Va(61,0) == @1, Vi (i, 6y).

Lemma 6.7. — Let q be a positive integer. For every 01 large enough, and do
large enough with respect to 01, there exist polynomials Py, ..., Ps, € Va(d1,02),
and a positive real number Cy that depends neither on 41, nor on do, nor on q,
such that the following hold.

(1) P #0. ,
(2) E = zglzonFg € Q[t, 2] satisfies

vi(E(x(k), z) > C261/N 85 — 6105(Fy(x (), 2)) ,
forallk € KC and all i, 1 < i < h.

Proof. — Our construction follows the one in the proof of Lemma 6 in [16].
However, we substitute the notion of valuation to the notion of index used
there. Let g be a positive integer.

We first consider the point (2). We construct a polynomial E' € Qlt, 2]
such that E;, belong Vp(2d1,p — 1) for a p large enough. Let us consider the
following linear maps:

{H?lm(%—m) . { Qlt; 2]
(Po,...,Ps,) B .= Z?;OPng

l

V(201,p—1) . V(251,p—1)
E, mod Vj E,

These linear maps are well-defined. Indeed, the P;’s are homogeneous poly-
nomials of degree 201 — j in ¢, while F' is homogeneous of degree one in ¢, and
thus E’ is homogeneous of degree 201 in t, and Ej, € V(201,p — 1). So this
makes sense to consider £, mod Vp(201,p — 1).

By Lemma 6.4, the vector space Hj‘l:o V1(261 — 7, d2) has dimension at least

equal to C1(01)010Y /2 when 4, is large enough. By Lemma 6.5, the vector
space V (261, p — 1) has dimension at most (s + 1)v(61,p — 1). But if p is large
enough, Lemma 6.4 ensures that v(d1,p—1) < 201(61)01p". For such a p, the
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vector space V (261, p — 1) has dimension at most 2(s + 1)C;(d1)p". We set
| e

2(s + 1)C1(61)pY < C1(61)616Y /2.
By comparison of these dimensions, we see that if Jo is large enough, then
the linear map defined by (P, ..., Ps,) — E;(PO, ..., Ps;) mod Vj has a non-
trivial kernel. That is, there exist Fy, ..., Ps, not all zero, such that E; belongs
to the subspace V(261,q — 1). Considering E’, we have

E'(x(k).z) = Ey(x(k),z)+ ) ex(x(k))z*

so that

IA[Zp
= Y exlx(k)z* e QE[[=]],
IAI=p
since by construction FE,(x(k),z) = 0. On the other hand, we have

Z\sze)\(X(k))zA € (z)P. Let i be an integer with 1 < ¢ < h. It thus
follows from Inequality (6.12) that
vi(E'(x(k), 2)) > p > Co6)/" 65,

where C5 does not depend on 41, d9, k, i, and ¢. Let v be the smallest index
such that P, is non-zero. We set

E:=) PF™.
>
We thus have EF(;’ = FE'. For 1 <i < h, we obtain
vi(E'(x(k), 2)) = vi(E(x(k), 2)) + vvi(Fy(x(k), ).
Thus for all §; and all J5 large enough, we have
vi(E(x(k),z)) = vi(E'(x(k),z)) —vvi(Fy(x(k), 2))
> Co6)/"65 — d1i(Fy(x(k), 2)),
for all k € K and all ¢, 1 <4 < h. This ends the proof. O

6.6.2. Choice of an infinite subset of K. — Let us denote by Ky the set of
ko € K such that Q(z, ¢1(2),...,¢e(2), v(2)) does not vanish at Tk, . From
now on, and until the end of the proof of Lemma 6.6, we argue by contradiction,
assuming that for all kg € Ko and all 7, 1 < i < h, there exist an integer
q = q(k,1) tel que

(6.19) vi(Fy(x(k), 2)) <q.
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Lemma 6.8. — Let Py denote the polynomial constructed in Lemma 6.7.
Under the assumption (6.19), there ezists an integer qo and an infinite subset
K' C Ko such that, for every k € K' and i, 1 < i < h, the two following
properties hold.

(1) PQ(‘Tk,Tk,a) 7é 0.
(2) vi(Fy(x(k), ) < qo, for all q > qo.

Proof. — By construction, we have that Py ¢ V. There thus exist infinitely
many k € K such that P(¢(k,Tpa), Txar) # 0. In particular, the map
k — P(y¢(k,z),z) is not identically zero on K. Consequently, the map
k— P(k,z),2)Q(z,61(2),...,00(2),0(2)) is also not identically zero on
K. We thus infer from Condition (C) that there exist infinitely many k € K
such that

PO(TkH Tk:a) 7é 07 and Q(Tka7 (ﬁl(TkQ), o 7¢Z(Tk§a)7 @(Tka)) 7é 0.
In particular, there exists kg € Ko such that Py(7g, Tpax) # 0. Let us consider
an integer ig, 1 <ig < h, and set q := q(ko,p). We can write

Fq(t,z) = Z Zs:li)\tiz)‘,

[Al<q i=1

where [; y € Q for every (i, A). For 1 <i < s, we also write

Xz(k) = Z SLU_,,H,J‘(IC)Z“)YK’UJ,
w7&7j
where j < dy, and where both w € NV and k € N¢ belong to a finite set. In
this decomposition, the maps k — s;. (k) belong to Rr, ®z C. We can
thus write

Fy(x(k),z) = Z Zli,)\ Z S@w,n,j(kz)Y“ﬁjz}‘*“’.

P\|§q =1 w,K,j

By (6.19), we have v;,(Fy(x(ko),2)) < ¢. Let us denote by A an upper bound
for the norm of the vectors A + 7, and by Q an upper bound for the norm of
the vectors p occurring in the previous sum. Let V' C A be the C-vector space
formed by the polynomials of degree at most A in z, at most Q in Y, and at
most dg — 1 in U, and let us denote by V* its dual space. Let us also consider
the vector space V' := pgo NV. Let wy,...,w; be a basis of the dual of V', in
V*. Let ‘
a= Z aw,,g7jz“’Y"Uj eV,

w7n7.]
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with ay, x,; € C. For every e, 1 < e <[, we have a decomposition

we(a) = Z We w,k,j0w,kK,j »
Kos]
with we  «,j € C. Then, given a € V', we have
(6.20) Vip(a) > q <= we(a) =0, for 1 <e<1I.
By assumption, there thus exists eg < such that

weo(Fq(X(k0)7 Z)) 7é 0.
We set
€y - k— Z weo’n,u,jlig\si’f’u,j(k) € Rr,®zC.
LT, 14,]
This definition ensures that €;,(k) = we,(Fs(x(k), z)). In particular, we have
that €;,(ko) # 0. By (6.20), we also have that

€iy(k) # 0 = vig (Fy(x(k), 2)) < q,
for all k € N". Using the same construction for every ¢, 1 < i < h, we obtain
maps €; € Rr, ®z C such that €;(kg) # 0 and

(6.21) €i(k) # 0= vi(Fyy,i) (X (k), 2)) < q(ko, 1) .

The map
l

k= Po((k, 2),2)Q(z,61(2), ..., de(2), 0(2)) [ [ &s(k)
i=1
belongs to Rr ,®z L{z} for some finite dimensional Q-vector space L. Further-

more, it does not vanish at ko. We thus infer from condition (C) of Definition
5.1 that there exists an infinite set K’ C K¢ such that

(6.22) PQ(Tk,,Tka) 7& 0 and el(k) 7& O,

foralli,1 <7<, and all k € K.
For k € K', we set ¢; := q(ko, 7). Then we infer from (6.21) and (6.22) that

vi(Fg, (x(k), 2)) < qi.
Given i, 1 < ¢ < h, we let ¢ > ¢;. Then, we can write F, = Fj,, + R, 4, where
Ryq = Z lA(t)z)\-
7i<|Al<q

By definiton, we have v;(Rqq,(x(k))) > ¢i. But, on the other hand,
vi(Fy, (x(k), z)) < ¢, for all k € K'. It follows that

vi(Fg(x(k), 2)) < ai
for all ¢ > ¢;. Taking qp := max{q,...,qn}, this ends the proof. O
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The rest of the proof of Lemma 6.6 consists in proving upper and lower
bounds for the auxiliary function F at the point (7, Tp), and then to derive
a contradiction for |k| large enough. Similar bounds are given in [16] without
too much detail. As our auxiliary function F is not exactly defined as the one
in [16], we provide explicit computation for these bounds. In the rest of the
proof, we consider a fix integer ¢ > qo, where gg is given by Lemma 6.8, and
we let E € Q[w, 2] denote the auxiliary function given by Lemma 6.7 for this
integer gq.

6.6.3. Upper bound for |E(Tg, Tgar)|. — By Lemma 6.7, we have
VZ'(E(X(’C), Z)) > CQéi/N(SQ — 51Vi(Fq) s

for every k € KC and every 4, 1 <14 < h. By Lemma 6.8, we have v;(F}) < qo

for every k € K, and every 4, 1 < i < h. Since do > 01, for §; large enough,

there exists a positive real number Cs such that

|Ca61/ Vs |

(6.23) E(x(k),z) € p,

for every i, 1 <i < h, and every k € K'. Set G := E®1T" ¢ where the e; are

defined by (6.11). Then, we infer from (6.11) that

Glx(k),2) € (2)]
for every k € K'. Applying o' and multiplying G by Q21(e1+en) we get
that

035}/N52J

|Ca0y /Mo
Gk, 2).2) € (o -

for every k € K'. Here, we let (2)cqzy denote the ideal generated by the z; ;
inside the ring of analytic power series C{z}. Though (z) is not necessarily
a prime ideal of A, the ideal (2)c(;} is prime in C{z}. Let v, denote the

corresponding valuation ()| that is,
vo(f) =sup{seN: f e (z)fc{z}}
for f € C{z}. We thus have

(6.24) vz(E(Y(k, 2), 2))

v

chai/N(sQJ (x4 +en) !
Lcm}/NazJ :

for every k € K’, and some positive real number Cy4 that does not depend on
k, 01 and d5. We observe now that the radius of convergence of the analytic

Y

1. We stress that v, has not here the same meaning as in Section 6.3.2. There it is defined
on the ring A and it is not necessarily a valuation, while here it is defined on C{z} and it is
a valuation.
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series defining the map k — 1p(k, z) does not depend on k. Let 1; (k) denote
the coefficient in 2* of 1;(k, z). There thus exist three positive real numbers
c1, ¢ and c3, independent of k, j and A, and such that

k|l X
[y a(k)| < crcdflel .

_ LC@{/N(SQJ .

Set

By (6.24), we have
E(p(k,z),2) = Y ex(k)z>.

|AIZp
There thus exists a positive real number ¢4 (91, d2, q) such that
(6.25) lex(k)| < ca(81, 62, q)y el
Condition (B) ensures that ||Tpo| < e=™*! It thus follows that
[E(Tk, Tha)| = [E(¢(k, Tra), Tio)|
= ’ Z e)‘ Tka ’
|AIZp
< Y leal®)ll Te|?
|AIZp
(6.26) < > eal1,0,9) FlegeWear™
|AIZp

for every k € K'. Finally, we get that there exist two positive real numbers cg
and c7 such that

’E(Tk,Tk,a)‘ S 06(51,52,q)c‘2k|€76751/N52p‘k‘ s
for all k € K'. There thus exists a positive real number cg such that,
(6.27) E(T1, Thar)| < e—csdi’ 620"
for all k € K', large enough with respect to d1,d2, and q.

6.6.4. Lower bound for |E(Tk, Tro)|. — Let us recall that, following (6.5),
we have

F(7Tg, Tra) =0,
for every k € N". The power series F'(¢(k, z), z)— Fy(¢(k, z), z) has valuation
at least ¢ in z. Reasoning as in Section 6.6.3, we can find three positive real
numbers cg(d1,d2), c19, and c¢11 such that

|Pj(T, Tie) Fy (T, Tor)? | = | P, Tiat) (F — Fy) (1, Tioer)|

k| —cplkl
< (61,02, )Clm‘e P
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We thus have

o1 . .

> Pi(7h, Teet) Fy(Ti, Tt | < c12(81, 82, q)eyg e P,

j=1
where ¢12(d1, 02, ¢) and ¢13 does not depend on k.

On the other hand, for all k € K, we know that
PQ(Tk,,Tka) 7& 0.
Furthermore, the algebraic numbers Py(7g, Txcx), with k € K, all belong to
a fixed number field. We infer from the Liouville inequality that there exists
c14 > 0, independent of k, such that
|P0(Tk, Tka)| > H(Po(Tk, Tka))_CM .

The complex numbers 7;(k) are polynomials of degree d in the coefficients of the
matrix Ag(a). The coefficients of the matrices A;(z), 1 < ¢ < r, are rational
functions whose numerators and denominators have degrees less than, say, cis,
and coefficients of logarithmic heigth less than, say, ¢;6. Then Condition (A)
ensures that the numerators and the denominators of the rational functions
composing the matrix Ag(z) have degrees less than

k
015017P| | )

and coefficients of logarithmic height less than

c16log N|k| < c1spl*l,
where c1g is a positive real number. Let cig9 be a real positive number such
that c19 > ¢18 + c15¢17log H(ax), we have

log H(A(e)) < c19p/*.
There thus exists a positive real number cog such that

log H(7;(k)) < caop'®!.
The polynomial Py has degree at most 24; in t and at most d5 in z. Since
d2 > 91, we can bound the height of Py(7g,Tro) by

log H (Py (71, Tier)) < ca1(q) + cazdap®l .
This gives
| Po(Th, Thew)| > cog(q)e 1422020
We thus get the following lower bound:
o1

|E(r, Tha)| > |Po(7h, Tee)] = | Y Pi(tr, Toa) Fy(h, Tocr)|
=1

_ 5aplkl k| —cpo plkl
> cog(q)e” 422020 —012((51,(52,(])0‘13'6 1P
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Choosing k large enough with respect to ¢, and ¢ large enough with respect to
0o, we obtain that

(6.28) |E(7h, Tie)| > =202

for every k € K, large enough with respect to ds.

6.6.5. Contradiction. — We infer from Inequalities (6.27) and (6.28) that
e o120 < |B(ry, Tiay)| < emosi 020

for all k € K', large enough with respect to do. Taking the logarithm, dividing
by d2p*l, and letting |k| tend to infinity along K’, we obtain that

Co4 Z Cgéi/N .

This provides a contradiction as soon as d; is large enough. This ends the
proof of Lemma 6.6.

6.7. End of the proof of Theorem 5.2 in the case of an analytic gauge

transforms. — Let kg be given by Lemma 6.6. For every positive integer g,
we recall that we have the following lower bound:
(6.29) Vio (Fg(x(ko), 2)) = q.
For every integer ¢, 1 < i < s, we write
(6.30) xi(ko) = Z Si,n,A,ijl"'nszUj €A,
K,A,j

where the indices k = (k1,...,x¢) € N® and XA = (A1,...,\n) € NV belong to
some finite sets, and where 0 < j < dg. For all summations in the rest of this
section, we let k denote some element of N¢, A, w, and ~ some elements of
NV, i an element of {1,...,s}, and j an element of {0,...,dy — 1}. For every
triple (i, K, j), we write

Xin,j(2) = Z sira 2z € Clz].
A
We also set X, ; = (Xix.j)i<s- Then we have the following decomposition:

(6.31) Fylx(ko),2) = S Y YT Fy(x 5(2), 2) -
K,J

Then it is possible to evaluate F(t, z) at the points t = x, ;(2) in C{z}.

Lemma 6.9. — For every pair (K, j), we have
F(xy j(2),2) =0€ C{z}.
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Proof. — The valuation v;, induces a norm | - |p on the C-vector space A,
setting
lalo = 2770 (@) |
for a € A. We use of course the natural convention 27> = 0, so that |0]p = 0.
The sequence (Fy(x(ko), 2)),cy is convergent with respect to this norm, and
tends to 0, since we have
[Fy(x(Ko), 2)[o <277,

by Lemma 6.6. For every positive integer ¢, we write

Fy(xyi(2),2) = ZZZAJX@',&,J‘(Z)ZA

IAl<q ¢
_ A+
= DD aising 2
Al<g @ v

= Z gk"’vj?w?qzn ?
K
where for every (k,j,w,q),
Irgwa =D D IniSimw—ri-
i |A[<q
If k, j, and w are fixed, the complex number g ;. 4 is constant for every

¢ > |w|. Indeed, the only indices A that occur in the sum defining g, j 4 are
those for which |A| < |w]|. If ¢ > |w]|, we thus have

glq’vj?qu = : : : : lAﬂS%KHw*)\y] :
i A<l
For such quadruples (k,j,w,q), we set
gK’yj7w = gK‘yj7w7q *

Letting Fy(xy ;(2),z) converge for the norm associated with v, in C{z}, we
obtain that

(6.32) F(X/c,j(z)7 z) = ngj,wzw .

We are going to show that for every (&, j,w), and every j, we have g, j o = 0,
which will end the proof of the lemma. Equality (6.31) can be rewritten as

(633) Fq(X(kO), z) = Z gn,j,w,qulml ... Y'éwﬁ]zw ]
th?w
Let us fix a positive integer qg, and set

(6.34) 8q0) = D ) grje¥it e YT 2% € A

‘w|<QO K,J
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For every q > qg, we also set
(@:90) = Y D Grjwd¥ YT 2 € (2)°,
|“"|EQO K,J
so that

Fy(x(ko), z) = 0(q0) + (g, qo) -

Letting ¢ tend to infinity, we see that €(q, o) — d(qo) with respect to the norm
| - |o. But, for every g, €(g,qo) belongs to (z)%, which is a closed set for the
topology induced by |.|op. Hence, d(qo) € (z)%. We can thus write

5(Q0) = Z Z(Sw,n,jsznUJ ,
|w‘2q0 K’vj
where 5w7l<'7j belongs to C. By (6.34), we have
DI T (AR AR S ST S
Jwl<ao #.J |w|>qo0 K]

Since the monomials zFY 7T’ are linearly independent over C for j < dy, we
get that

(6.35) Ik jw =0
as soon as |w| < qo. Letting gp run along N, we obtain that Equality (6.35)
holds true for every (k,j,w). This ends the proof. O

We are now ready to conclude the proof of Theorem 5.2 in the case of an
analytic gauge transform. By definition of x;(k), we have

xi(k) = Q(z,Y1,...,Y, U)o (¢i(k, 2)).
For the sake of simplicity, we set D(z) := Q(z, $1(2),...,0¢(2),p(2)) € C{z}.
Applying the isomorphism o' to the previous equality, and using the decom-
position of the x;(kg), we obtain that

D(z)¢i(ko,z) = o '(xi(ko))
(6.36) = 0 (S X (VI Y09
Do Xivkoj (2)01(2) -~ du(2)  p(2).

Set B := Tk,o. By Lemma 6.6, this choice of k¢ ensure that the power series
D is well-defined and non-zero at 3. Set

ni(z) = D(B)"" Y 1(B8)" -+ ¢¢(B)™0(B) xi.j(2) € C(2),
K,j
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and 1n(z) = (1i(2))i<s. The power series 1;(2z) are well-defined at 3 for every
i. Using the fact that F' is linear in ¢, we infer from Lemma 6.9 that

F(n(z),2) = D(B) ") ¢*(B)e(B)Y F(xy;(2),2)
K,J

= 0.
Considering this equality at Tk, z, the definition of F' implies that
(6'37) Zni(Tkoz)f(Tkoz)ui = F(n(Tkoz)7Tkoz)
1<s
= 0.
On the other and, evaluating n at 3, it follows from (6.36) that
(6.38) nB) = ko, Tk

= Tk -

Let us now recall that

F(Tioz) = Ay (2) 7' f(2).
Replacing f(Tk,z) in (6.37), we find a vector of rational function 7m(z) =
(m(2),...,ms(2)), such that

S
Y () (=) =0.
1=1
By (6.38) and by construction of the 7, we obtain that

i) =7
Then the polynomial ) € C(z)[X] defined by

Qz, X1,1,X12,- -, Xim1, Xo1, -, Xoym,) = Zﬁi(Z)X“i
i<s
satisfied
Q(z f(z)=0 and  Qa,X)=P(X),
as desired.

It only remains one easy point to handle. We want to construct a polynomial
with the same properties but that belongs to Q[z, X] and not only in C(2)[X].
Let V' C C denote the Q-vector space generated by the coefficients of ). Then
V is finite dimensional. Let 1,7,..., 7 be a basis of V over Q. Then we can
decompose our polynomial ) as

Q(z,X)=Qo(z,X)+mQ1(z,X) + - + mQ(z,X),

where the polynomials Q;, 1 < i <t belong to @_(z)[X |. The analytic power
series f; j(2;) having their coeflicients in Q, the Q-linear independence of the
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m; implies that

Qi('z7 f(z)) =0,
for every i, 0 < ¢ < ¢. On the other hand, the polynomial P having algebraic
coefficients, we deduce that

Qo(a, X) = P(X) and Qi(a,X)=0 for1 <i<d.
The coefficients of Qg are elements of Q(z), say r1(2),...,7,(z). The fact that
Qo(a, X) = P(X) ensures that these rational functions are all defined at c.

Let d(z) € Q[z] denote the product of the denominators of the 7;’s. Thus
d(a) # 0. Then the polynomial

d(z) —
Az, X) := X X
(Z, ) d(a) QO(Za ) € Q[Z, ]
has all the desired properties. This ends the proof of Theorem 5.2 in the case
where the matrix ®(z) belongs to GL,,(Q{z}). O

6.8. Proof of the proof of Theorem 5.2 in the general case. — For
1/d}

i

every integer i, 1 <i < r, we let K%d denote the field of fractions of Q{z
1/d (zl/d 1/d). We set

where z;/" = i1 Zin,
K = U1Kz, g

We also recall that z = (z1,..., 2,) and that, given a positive integer d, we let
K, denote the field of fractions of Q{z'/?}. We also set

K= Udled .
In this section, we explain how to modify our proof of Theorem 5.2 in order
to extend it to the case where the gauge transforms ®;(z;) are not necessarily

analytic but are allowed to belong to GLy,, (Kx,).

We first show that how to reduce to the case where ®;(z;) € GLmi(K%l).
Let @ = (aq,...,a,) be such that the family of pairs (T}, a;) is admissible
in the sense of Definition 5.1 and such that every «; is regular with respect
to the Mahler system (5.1.1). By assumption, there exists a positive integer j
such that ®;(z]) belongs to GLmi(IA(zi,l). Let & := (&,...,al) be such that
(al)) = a; for every i, 1 < i < r. Then the study of the system (5.4) at o is
equivalent to the study of the the Mahler system

g1(2) Al(zji) 91(Tz)

g,(2) | A (2D) g,(T)
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at o, where g,;(z) := g;(27). It is obvious that the points a/ are regular,
and that the the family of pairs (7}, o)) is still admissible. Furthermore, every
matrix A;(z7) is conjugated to a constant matrix trough the matrix ®;(27) €
GLm(ﬁzi,l). Without any loss of generality, we can thus assume that, for
every natural number i, 1 <4 < r, there exists a matrix ®;(z;) € GLm(ﬁzi,l)
such that

For every integer i, 1 < ¢ < r, we let A;(z;) be a non-zero analytic function
such that the coefficients of both A;(z;)®;(z;) and A(z;)®; *(z;) belong to
Q{z;}. We also set A(2) := A1(z1) - Ar(2,). We then infer from Condition
(C) that

Ka :={k € K| A(z) is well-defined and non-zero at T}

is an infinite set.
Lemma 6.10. — Condition (C) still holds when replacing the set IC with KCa .

Proof — The function A(z) belongs to Q{z}, and so is well-defined in a
neighborhood of the origin. Hence, for all but finitely many k € K, A(z) is well-
defined at Tpa. So we may suppose that A(z) is well-defined at T for every
k € K. Let L be a finite-dimensional Q-vector space and ¢ € Rr, ®z L{z}
is such that the family (¢ (k, 2))pcic, 18 not identically zero. It follows that
the family (A(z)y(k, 2)),cx is also not identically zero. Then Condition (C)
ensures that A(Tga)y(k, Ta) # 0 for infinitely many k € K. By definition
of KA, such k must belong to A, which ends the proof. O

Without any loss of generality, we can thus assume that K = ICa, that is,
A(Tro) # 0 for every k € K. Lemma 6.1 should then be modified as follow.

Lemma 6.11 (Lemma 6.1-bis). — For every integer j, 1 < j < s, there

exists V; € Rr,r @z IA{1 such that

ik = ¥;(k, Tkar)
and A(z)%);(k,z) € C{z}, for all k € N". Furthermore, there evists a finite
dimensional Q-vector space Lo such that for all k € N" and all j, 1 < j < s,
the coefficients of the formal power series A(z)%p;(k, z) belong to Ly.

Proof. — The proof follows the same steps as the one of Lemma 6.1. We first
stress that Lemma 6.2 still holds true. Indeed, by assumption, the matrix
A(z)®(z), is well-defined in some neighborhood of the origin. It follows from
Condition (B) that, for k € K large enough, A(2)®(z) is well-defined at Ty
By assumption, A(Tge) does not vanish for k € K. The matrix ®(z) is thus
well-defined at Tpc, for every large k € K. The end of the proof of Lemma
6.2 remains unchanged.
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Let k € N". For every integer i, 1 < j < s, the meromorphic function
¥ (k, z) is a polynomial of degree d in the coefficients of the matrix ®~1(2). It
follows that A(z)%;(k,z) € C{z}, as wanted. The last assertion of Lemma
6.11 is proved in the same way as in the proof of Lemma 6.1 choosing Ly to
be the Q-vector space generated by the monomials of degree at most d in the
coefficients of the matrix ®(a). O

Then the proofs of Lemmas 6.3, 6.4, 6.5, and 6.7 remain unchanged with
one exception. We just have to be careful when, in Lemma 6.3, we prove
the implication (i) = (iii) using using Condition (C). Let us assume that
P(k,Tya), Tya) = 0 for all but finitely many k € K. Then, P being
homogeneous, P(A(Tpe)%p(k, Trc), Tyar) = 0 for all but finitely many k € K.
Using Condition (C), we infer that P(A(z)%p(k,z),z) = 0 for all k € K.
Eventually, we get that P(¢(k,z),z) =0 for all k € K.

The main change occurs in the proof of Lemma 6.6 when providing an upper
bound for the quantity |E(7g,Tgca)|, in Section 6.6.3. In order to obtain
such an upper bound, we now have to provide a lower bound for the quantity
|A(Tkex)|. For this purpose, we use a result of Corvaja and Zannier [9].

End of the proof of Theorem 5.2. — Setting G := E® T T¢ as in Section
6.6.3, we recall that
1/N
Glxk). 2) € ()|
for every k € K'. Applying o' and multiplying G by
(QAd)251(61+---+eh) ,
we get that

UN§
A bk, 2), ) € (LT

for every k € K'. Then, reasoning as in Section 6.6.4, gives the following
equivalent form of Equality (6.27):

/
|E(A(Tra) b (k, Trar), Tie)| < e—101"" 92051

for every k € K', large enough with respect to &1, d2, and ¢. Since F is a

homogeneous polynomial of degree 24 in w, we have that
(6.39) |E(Th, Tra)| = |E(A(Tra) )k, Tyar), Tre)| x |A(Ter)| =21
' < emadNaok A (Ta) |20

On the other hand, we infer from [9, Proposition 3| that there exist two positive
real numbers C5 and ¢y such that

(6.40) \A(Tka)\ Z CQHTkaH_CQ s
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for infinitely many k € K’. Indeed, as shown in section 4, [9, Proposition 3]
can be applied to the family of points (Txa)gexr. Furthermore, our choice
of K ensures that A(Txa) # 0 for every k € K, and thus for every k € K’
since K’ € K. Using the fact that SN Gy > 01, as &1 tends to infinity, and
combining (6.39) and (6.40), we eventually get an upper bound of the same
kind than in Section 6.6.3. That is,

1/N
’E(TknTk:a)‘ < 670351 52p\k\7

for infinitely many k € K’. The computation leading to the lower bound
remains the same. Furthermore, as the lower bound holds for every large
k € K, the contradiction of Section 6.6.5 still holds true. The last part of the
proof of Theorem 5.2 remains unchanged, which ends the proof of Theorem
5.2 in the general case. O

7. Admissibility conditions for Theorem 5.2

Conditions (A), (B), and (C) required to apply Theorem 5.2 look somewhat
stronger than the corresponding Conditions (a), (b), and (c¢) occurring in The-
orem 2.1. In particular, the vanishing theorem corresponding to Condition
(C) is much more general than the one corresponding to Condition (c). We
show here that it is enough for each pair (T, o;)1<i<, to satisfy Conditions
(a), (b), (c) to ensure that Conditions (A), (B), (C) are satisfied by the family
(Ti, o) 1<i<r at the point & = (e, ..., o). More precisely, the goal of this
section is to prove the following result.

Theorem 7.1. — Let us assume that T4,...,T, are matrices with non-
negative integer coefficients such that log p(T;)/ log p(T;) € Q for alli,j, i # j.
Then the family (T;, ou)i<i<y is admissible at the point o = (g, ..., o) in
the sense of Definition 5.1 if, and only if, every pair (T;, ;) is admissible in
the sense of Definition 1.2.

All along this section, we assume that T7,...,7, are matrices with non-
negative integer coefficients such that log p(7;)/log p(T;) & Q for all 4, j, i # j.
We recall that O is defined in (4.1) by

1 1
- <10gp(T1)"" ’ logp(Tr)> '
We first prove two easy Lemmas.

Lemma 7.2. — Let us assume that the matrices T1,...,T, belong to M.
Let a = (au,...,a,) € CN such that a; € U(T;) for every i, 1 < i < r.
Let K C N" be any infinite set that remains at bounded distance of the line
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generated by the vector ©. Then Conditions (A) and (B) are satisfied with this
choice of K and p := e*/1®l.

Proof. — The matrix T; being in the class M, it follows from [14] that
(7.1) ITF I =O0(p(T)")  and  —log|TFaill = O((T:)"),

for all non-negative integer k. Let I C N” be a set satisfying the assumption
of the Lemma. Let B denote an upper bound for the distance of any element
of K to the set N.©. For every k € K, we choose [(k) € N such that

Ik —1(k)®| < B.
Applying (7.1), we obtain that
ITell = OE™®)  and  log||The| < —ce'®).

On the other hand, |k| ~ [(k)|O|, as |k| — oco. It follows that Conditions (A)
and (B) are satisfied by choosing p := e!/1®l. O

Reciprocally, we show that the real number p and the set K have to be
chosen of the same form as in Lemma 7.2.

Lemma 7.3. — Let Ty,...,T, be square matrices with non-negative coeffi-
cients. Let us assume that the family (T;, o)1<i<r is admissible at the point
a=(ay,...,a,) in the sense of Definition 5.1. Then each pair (T}, o;) is ad-
missible in the sense of Definition 1.2. Furthermore, the elements of K remains
at bounded distance of the line generated by © and p = e'/1®l.

Proof. — Let us assume that the family (7}, a;)1<i<, is admissible at the point
a = (ag,...,a,) in the sense of Definition 5.1. We also consider the corre-
sponding real number p and set L C N". We first observe that the projection
of IC on the i-th coordinate cannot be a finite subset of N. Indeed, otherwise
the set {(Tx )¢, k € K} would be finite, where we let e; denote the i-th vector
of the standard basis. Let Aq,...,A; be the elements of this finite set. Then
the non-zero polynomial

j=1
would satisfy P(Tka) = 0 for all k € K, which would contradict Condition (C).
Now, the fact that the projection of L on each coordinate is infinite, directly
implies that each pair (T3, «;) is admissible in the sense of Definition 1.2. Set
k = (ki1,...,k.). Using on the one hand Conditions (a) and (b) for each i ,
and on the other hand Conditions (A) and (B), we get that

log p(T;)ki ~ log(p) K| .
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Dividing by log p(T;), summing over ¢, and then dividing by |k|, we get that

r -1
1
logp= > —— .
o8P <H logp(Tz)>

lo k
SRR )L

log p(T5)
we obtain ) . €;(k) = 0. Now we infer from (B) and from the fact that T;
belongs to M, that there exist two positive real numbers ¢; et 7; such that

()M < |TF | < vip* = yip(Ty)Fe— %),
It follows that the numbers ¢;(k),k € K are bounded. In other words, K

remains at bounded distance of the line generated by ©. This ends the proof.
O

Setting

In the rest of this section, we let p be defined as in Lemma 7.2. In view of
Lemma 7.2 and 7.3, the proof of Theorem 7.1 follows from the following result.

Proposition 7.4. — Let us assume that T1,...,T, are matrices with non-
negative integer coefficients such that log p(T;)/log p(T;) & Q for all i,j, i #
J, and that every pair (T;, o) is admissible in the sense of Definition 1.2.
There exist an infinite set K C N” that remains at bounded distance of the line
generated by the vector ©, and such that Condition (C) is satisfied.

Let s <r be an integer, we let
w4~ 1°
denote the projection on the first s coordinates. We recall that Ry s ®7 C{z}

stands for the algebra form by the (I, s)-multivariate exponential polynomial
with values in C{z}.

Lemma 7.5. — Let s be an integer with 1 < s < r. Let us assume that the

numbers
1 1

log p(T1)"" " log p(Ts)
are linearly independent over Z.. We let L C N be a piecewise syndetic set and

K={k;: €L} be asequence in N" such that
k=104+0(1).

Let ¢p € Rr s ®z C{z} be non-zero (that is, ¢ does not identically vanish on
Z°). Then the set

Lo := {l € £’¢(W8(kl),Tkla) = 0}

s not piecewise syndetic.
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The proof of Lemma 7.5 follows the same strategy as the one of Lemma 3.3.1
in [27]. However, our framework is more general and we also need to consider
piecewise syndetic sets. This makes our proof of Lemma 7.5 more technical.
We invite the reader to look at the proof of Lemma 3.3.1 in [27]. This could
make the following arguments more transparent.

Proof. — To reduce the amount of notation, we set k := (k) for k € Z". We
argue by contradiction, assuming that the set Ly is piecewise syndetic, with
bound B. We write

(7.2) HEDEDIHD IR ETMOS

q
=1 |pl<é;

where the r-tuples n; = (1;1,...,7is) are all distinct, and where ¢ and the
numbers §;, 1 < i < ¢, are minimal. The decomposition (7.2) is then unique
up to permutation of indices (see for instance [13, Théoréme 1]). Now, we
define A(t)) as the cardinal of the set
{(i, ), 1 <4 < g, such that either |pu| < §;, or |u| = d; and g;,, # 0} .

Without any loss of generality, we assume that §, > 9; for all 7, 1 <7 < q.
We argue by induction on A(y). If A(x)) = 1, then ¥(k,2) = n*g(2z) and a
contradiction follows form Theorem 4.3. We now assume that A(¢) := A > 1
and that the conclusion of the Lemma holds true for A(¢) < A. Without any
loss of generality, we can assume that n, = (1,..., 1). Let v be a s-tuple of
non-negative integers such that [v| = §,. We set g(z) := gq..(2) # 0. For every
e € N" we define the map

Ee(k, z) = P(k + & Tez)g(2) — Uk, 2)g(Tez),
where T is defined as in (4.5) by
T
Te :=
T
Then &e(k, z) € Rr s ®z C{z} One has

-1

<

n¥ Z E'hein(z) | + Z K he g u(2) .
|| <d; || <6, p#tv

< A(%) for all e. We can thus apply our assumption

(7.3)  Eelk,z) =

£ I

)

By construction, A(e

to &e. Set
Le:={leN:&(k;,Ti,a) =0}.

Given an integer e; > B, we consider the set £; formed by the integers [ € L

for which there exists e, e < e < e; + B such that [ + e € L£y5. We infer
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from Lemma 4.2 that £; is piecewise syndetic. For such a pair (I, ¢e), we set
e = e(l,e) = kire — k; and we let & denote the (finite) set of r-tuples e
obtained in this way. For e € £;, one has
be(kl, T,a) = Y(kige, Ty, @)g(a) — (ki, T, ) 9Tk, 0)
= 0.

This implies the following inclusion:

By Lemma 4.2, there thus exists e(l, e) € & such that L, is piecewise syndetic.
For such a e = e(l, €), our assumption implies that ¢ = 0. Letting e; run along
the integers larger than B, we can find infinitely many r-tuples e = e(l, €) such
that £ = 0. Let & denote the infinite set of such r-tuples. For e € &, we thus
have he; ,(2) = 0 for all indices (4, p). If p is a s-tuple such that |p| = d4, we
obtain that

= gou(Tez)9(z) — ggu(2)9(Tez) .
Dividing by g(Tez)g(z), we get that
9gp(Tez) _ 9an(2)
9(Tez) 9(2)

Since the matrix T, has not root of unity as eigenvalue, we can apply Theorem
3.1 of [27]. It follows that there exists a complex number 7, such that

(7.4) 9gu(2) = Yug(2) -

Let us remark that, in particular, v, = 1. Let us consider now a s-tuple of
non-negative integer p, such that v — p, € N® and |v — pg| = 1. Then we
have that

0 = hegpu,(z)

= u;() ekho (:()) 9au(Tez)9(2) + 9g.py(Tez)9(2) — g,y (2)9(Tez)

= u;() et Ho <:jo>%i 9(Tez)g(z) + 9q,1 (Tez)g(2z) — 9q,p, (2)9(Tez) .

Indeed, if g > pg, then one has || = &4, and (7.4) gives that g4 ,(2) = Yu9(2).
Dividing by g(Tez)g(z), we obtain that

9o TeZ)  Gau,(2) B it [ P
g = - ()
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By Theorem 3.1 in 27|, this implies that

(7.5) Y e (5()) =0

But if g > pg, our assumption implies that p — pq is a vector of the standard
basis of C*. Thus for every i < s, there exists a unique p := p(i) such that
er(i)=ro = ¢, Recall that € = e(l,e) = kiie — Ky, with [ and [ + e in £g. As
&, is infinite, there exist some e(l,e) in £ with arbitrarily large e. But

. ElJre — El ( 1 1 >
lim = s .
e—00 e log p(T1) log p(T5)

Dividing Equality (7.5) by e and taking the limit as e tends to infinity, we
obtain that .
1 u(i)>
- fy — O .
; log p(T3) ( o ) MO
Since, by assumption, the numbers logpl(Tl)""

7k
=0,
<No> #

for every p. Choosing u = v, we obtain that

5 :("):0,
Ho

since 7, = 1. Since ¢, > ¢; for every i, it follows that §; = 0, 1 < ¢ < ¢. Thus
1 (k, z) can be written as

1 . .
' Tog p(Ty) A€ linearly indepen-

dent over Z, we get that

vk, z) =Y nkgi(z).
=1

For e € &, he,1,0(2) can thus be written as
0 = hero(z)
= ni91(Tez)9(z) — 91(2)g(Tez) .
By minimality of ¢, we have that g1 (z) # 0. Then Theorem 3.1 of [27] implies

that n¢ = 1 for all e € &. Taking the logarithm, it follows that for all pairs
(I,e) such that e = e(l,e) = (e1,...,e,) € E, one has

6110g7’}171—|—"'—|—6510g7’}17s =0.

Let us assume that the vector (logmii,...,logn ) is non-zero.  Since
€ has non-negative integer coordinates, there exists a non-zero vector
w=(p1,...,us) €Z° such that

erpr + - +esps =0,
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Dividing this equality by e and letting e tend to infinity, we obtain that

M1 Hs
logp(T) " log p(T)
This provides a contradiction. Thus logn;; = --- = logn; s = 0. Since by
assumption the group I' is torsion-free, we get that n; = (1,...,1) = n,,
which contradicts the minimality of ¢g. This ends the proof. O

We are now ready to construct the suitable set K = {k;, | € L} needed for
proving Proposition 7.4.

Lemma 7.6. — Let py,...,pu; € Z" be a basis of the orthogonal complement
of © in Q. Then there exists a piecewise syndetic set £ C N and a sequence of
vectors (ky)icc € Z" in the orthogonal complement of the vector space generated
by the vectors p;, 1 < ¢ <t, and such that

(7.6) k,=10+0(1).
Remark 7.7. — In the case where ¢t = 0, that is, when the numbers
1 1

log p(T1)" """ log p(T;)
are linearly independent over Z, the situation is simplified and we could choose

(ko] ke 1)

Of course, this condition is automatically satisfied when r = 2 for log p(77) and
log p(T5) are assumed to be multiplicatively independent. However, it seems
to be a hard Diophantine problem to check it as soon as r > 3.

Proof of Lemma 7.6. — We first define the sequence (k);cn by

4= | eamn )

Since p, is orthogonal to ©, the scalar products (g, k}) remain bounded
when [ runs along N. By Property (ii) of Lemma 4.2, there exists an integer
c1 such that the set

£1:{leN: <[,L1,kl>201}
is piecewise syndetic. Let vy € Z" be such that (u;, v1) = ¢;. Then, for all
[ € L1, the vector

ki = k) — vy

is orthogonal p; and satisfies

kl =10+ 0(1).
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Since p4 is orthogonal to O, the scalar products

<H2 ’ kll >
remain bounded when [ runs along £;. There thus exists an integer ¢y such
that the set
Lo={l€Ly:(uy, kj)=co}
is piecewise syndetic. Let vo € Z" be such that (uy, v2) = c2 and (p, , va) =
0. We could for instance choose vy = k:llo for some [y € L5. Then, for all
[ € Lo, the vector
k? =kl — vy
is orthogonal to pqy and p,, and satisfies
ki =10 +0(1).
Keeping on in this way, we can find a piecewise syndetic set £ := L;, and a
sequence of vectors (kf)le r = (ky)iec with the desired property. This ends the
proof. O

Let £, and K :={k;, | € L} C N" be defined as in Lemma 7.6. We are now
ready to end the proof of Proposition 7.4.

Proof of Proposition 7.4. — Set s = r —t. Without any loss of generality, we
can assume that the numbers
1 1

log p(T1)" """ log p(Ts)’
are linearly independent over Z. Let us consider the matrix

1 0 cer eer eee e 0
0 1
S=1lo¢o9 ... ... 1 0 --- 0
ke
£y

By assumption, S is non-singular and has integer coefficients. We also observe
that our choice of the set £ ensures that Sk; = (k;1,...,kis,0,...,0) for every
l € L. Let us consider ¢ € Rr, ®z C{z}. We let E denote the map from Z*
to Z" defined by E(ki,...,ks) = (k1,...,ks,0...,0). We now define a map ¢
from Z° to C{z} by

O((k1,... k), z) = 0(S E(ky,... k), 2).
Note that if S is not invertible in Z but only in Q, then the vector
S~1E(k1,...,ks) may have rational coordinates (but with a fixed denominator
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corresponding to the determinant of §). Since ¢ € Rr, ®z C{z}, it can
naturally be extended to vectors in Q". This shows that 1 is well-defined.
Furthermore, it is not hard to see that ¢ € Rp s ®z C{z}. Indeed, because
of the possible occurrence of the determinant of S as denominator of the
coordinates of the vector S~'E(ky, ..., ks), we may have to replace I by some
IV. But I is still torsion-free in that case. The main point now is that for all

l €L, E(k;) = S(k;) and thus

(7.7) Uik, z) = P(ki, z).
Now if ¢(k;, T, o) = 0 for all but finitely many [ € £, then (7.7) implies that
the set o

Ly= {l eL ‘ w(kl,Tkla) = 0}
is piecewise syndetic, since £ is piecewise syndetic. Since 1) € Rrv s @z C{z},
Lemma 7.5 thus implies that

U(k,z) =0
for all k € Z°, and in particular ¢(k;, 2) = 0 for all | € £. By (7.7), we get
that ¢ (k;,z) = 0 for all [ € L, concluding the proof. O

8. Proofs of Theorems 2.1 and 2.4

In this final section, we complete the proof of our two main results.

8.1. Proof of Theorem 2.1. — Concerning the proof of Theorem 2.1, there
is nothing more to do. The conclusion directly follows from Theorems 5.2
and 7.1. Indeed, if (T, ) is admissible in the sense of Definition 1.2, then by
Theorem 7.1 (with » = 1) it is also admissible in the sense of Definition 5.1. We
can then apply Theorem 5.2 (with » = 1) to obtained the desired conclusion.

8.2. Proof of Theorem 2.4. — We are now going to see how to deduce
Theorem 2.4 from Theorem 5.2.

Let L be a field and K C LL be a subfield of .. Let us consider some finite
sets &1,...,& C L, with & = {wi1,...,im,}. For every i, we consider
the vector of indeterminates X; = (X;1,...,Xim,). We also set £ := U&;,
X = (Xl,... 7Xr)> and Xz = (Xl,...,Xi_l,Xi,... 7Xr)-

The K-vector space formed by the K-linear relations between the elements
of £ is defined by

LinK(&-) = {L(XZ) = ale + -+ amiXi,mi S K[XZ] : L(Oéi,l, ... ,Oé@mi) = 0} .
We also set

Ling (&; | £) = spang 5, {L(X) : L € Ling(&;)} .
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Then we let K[X],,,; denote the set of polynomials that are multilinear with
respect to every set of variables X ;. Hence, P belongs to K[X |, if, for every
1 < i <, it has a decomposition of the form

P(X) = ap(X:) X,
k=1

where a;(X;) € K[X;]. We finally define
MulK(El, . 757’) = {P(X) c K[X]mul : P(al,la . ,anmr) = O} .

Before proving Theorem 2.4, we prove the following result.
Proposition 8.1. — Under the assumptions of Theorem 2.4, we have

Mulg(r,...,&) C Y Ling(& | £).
=1

In order to prove Proposition 8.1, we need the following two lemmas.

Lemma 8.2. — Under the assumptions of Theorem 2.4, we have

Mulg,y (f1(21); s Fr(20)) © D Ling,y (£i(z:) | £(2)).
=1

Proof. — We argue by induction on r. For r = 1, there is nothing to do. Let
us now assume that » > 1 and that the result holds for » — 1. Let s denote
the rank over Q(z,) of the power series f,1(2y), ..., frm, (2r). Reordering if
necessary, we can assume that the functions

fr,l(zr)a cee 7f7",s(z7")

are linearly independent over Q(z,). There thus exist some rational functions
rik(zr), j > s, 1 <k < ssuch that for every j > s, we have

(8~1) fr,j(zr) = Tj,l(zr)fr,l(zr) +F Tj,s(zr)fr,s(zr) .
We stress that the functions f,.1(2,),..., fr.s(2,) are also linearly independent

over Q(z,)((z1,...,2,_1)) for the sets of variables z; are pairwise disjoint. An
element L(X) in Mulg (f1(z1),..., f-(2+)) can be decomposed as

(52) LX) =3 XLy (X))
j=1

For k < s, we set

(8.3) LX) = Le(Xy) + ) rin(ze) Li(X )
j>s
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From (8.1), (8.2), and (8.3), we infer that

(8.4) L(X,, fr(20) me X,).

By assumption, L(f(z)) = 0. Furthermore, the functions f, x(2,), 1 <k <s
are linearly independent over Q(z,)((z1,...,2,-1)). Hence, Equality (8.4)
implies that
Li(f1(z1),- - Froa(2r-1)) = 0.
Thus
L;c € Mul@(zl,___,zrfl) (fl(zl)a SRR frfl(zrfl)) :

By induction, we obtain that

(8.5) eZLm e (Fil2) | £(2)).

Setting L' := 7 _; L1.(X r)Xr,k:a we infer from Equality (8.4) that

L(Xra Fr(zr)) — L/(Xra fr(2))=0.
It follows that
L-L'¢€ Ling ., (f(zr) | £(2))-
By (8.5), we thus obtain

LEZLHI (zi) [ £(2)),

concluding the proof. O

Lemma 8.3. — Let us assume that for every i, 1 <i <, the elements of &;
are linearly independent over Q. Then

Mul@(&, ce 757’) = {0}

Proof. — Without any loss of generality, we assume that

& ={firleu), ..., fis;(ei)},
for some s; < m;. Enlarging the sets &; if necessary, we can also assume that
the complex numbers

fijlai), 1 <3 < sy,
form a basis of the Q-vector space generated by the numbers fijlag), 1 <5<

m;. There thus exist some algebraic numbers A; ;5 € Q such that, for every
pair (i,7), 1 <i<r,1<j <m; we have

(8'6) fZ,_] az Z oy 7, kfz az

k<s;
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For every i, 1 < i <r, we set X; := (X;;)j<s; and f; := (fij)j<s;- We also
set X = (X1,...,X,).

Let L(X) € Mulg (€1, ...,&).  Theorem 7.1 ensures that the family
(T;, o) 1<i<yr satisfies Conditions (A), (B) and (C). Theorem 5.2 thus applies,
and there exists a polynomial @ € Q(z, X), multilinear with respect to the
vector of indeterminates X; = (X; 1,..., X m,), and such that

(8.7) Q(z,f(2))=0 and Qla, X)=L(X).

Following Lemma 8.2, there exist some polynomials Q1(z, X),...,Q.(z, X)
such that Qi(z, X) € Mulg ) (fi(zi) | f(2)) and

(8.8) Q(z,X) =) Qi(z,X).
i=1

Every polynomial (); can be uniquely decomposed as
(89) QZ(Z?X) :RZ(ZaY)_FSZ(ZaX)’

where the polynomial S;(z, X) does not contain any monomial with support
in X. Following (8.7), we have

(8.10) isi(a,X) =0.
=1

Let us consider the linear map

n{ T = T
’ Xi,j — zkgsi)\i,j,kXi,k

By (8.6), we see that A is defined so that, for every P € Q(z)[X],

P (2 (fij(@)h<icricjem) = AMP) (2, (fij(@)h<i<rii<s,) -
Since Qi(z,X) € Mulg,,(fi(2:) | f(2)), the polynomial Q; vanishes when
X is evaluated at f;(z;). Using A, we thus obtain

A(Qi)(z,fl, . 7Xi—17 fi(zi),XH_l, . 777’) =0.
Evaluating this equality at z = a, we find that

A(Qi)(a,Xl, ‘e 7Xi—17 fl-(ai), Xi—i—la ‘e 7X7") =0.
By assumption, the numbers f; j(a;), 1 < j < s;, are linearly independent over
Q. Hence,
A(Qi)(e, X) = 0.
On the other hand, the definition of A implies that A(R;(z, X)) = Ri(z, X)
for every i. Applying A to the Equality (8.9), and evaluating at z = «, we
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thus obtain
= Ri(a, X) + A(Si(e, X)).
By (8.10), we have

i =1

=1
= 0.

But, on the other hand, L(X) = Y_I_, Ri(a, X). We thus have L(X) = 0,
concluding the proof. O

We are now ready to prove Proposition 8.1.

Proof of Proposition 8.1. — Without loss of generality, we can assume that
E={fi1(2),.... fisi(2i)}
for some integer s; < m;. For every i, we consider a set J; C {1,...,s;} such

that the numbers

fijlaw), 5 € T,
form a basis of the Q-vector space generated by the numbers fijlag), 1 <5<
s;. There thus exist numbers A; ;. € Q such that

(8.11) figlow) =" Nijnfinlau),
keJ;

for every j < s;, We consider the vector of indeterminates X = (X ;)1<i<r, 1<j<s;»
and we let X 7 denote the set of indeterminates of the form X; ; with j € J;.
There is a ring morphism A defined by

A { Qx] — Q[X 7]
Xij = Dkeq MijkXik -

We stress that A is defined so that for every P € Q[X;], we have
P((fijleihgjcs,) = AMP) ((fij(i)je) -
Let L(X) € Mulg(&, ..., & ). Then
A(L) ((fi,j(ai))lﬁiﬁr> = L ((fi,j(ai)) 199)

JeT: 1<j<s;
= 0.
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By assumption, for every 4, the numbers f; j(ay;), j € J;, are linearly indepen-
dent Q. We thus infer from Lemma 8.3 that A(L)(X 7) = 0. Hence, L belongs
to the kernel of A. This kernel is generated by the linear relations
Lij(X) = X;; — Z i kX k
keJ;
for 1 <i<randj¢J;. On the other hand, Equality (8.11) ensures that
Lij(X1,.... X1, fi(a;), Xig1,..., X)) =0.
In other words,
L;j(X) € Ling(&; | €).
This shows that L(X) € >7;_; Ling(&; | £), which ends the proof. O

Before proving Theorem 2.4, we recall some basic facts about Kronecker
product of matrices.

Let A = (ai;) and B = (b; ;) be two matrices with coeflicients in a field K,
with respective size mxn and pxq. We let A® B denote the Kronecker product
of A and B, which is defined as the mp x ng matrix whose (i, j)-coefficient is

) v b . ; .
it 2o * sl 2o 2
In other words, we have
aiaB -+ a1nB
A®B= : :
am,lB ce am,nB
Given a positive integer d, we let
A®d:A®...®A’
————
d times

denote the d-th Kronecker power of the matrix A.
The following classical properties can be found in [11].

Lemma 8.4. — The two following properties holds true.
(i) If A is an m X m matriz, then
det A®? = (det A)™?.

(ii) If A, B, C, and D are matrices such that the product AB and CD are
well defined, then

(AB) ® (CD) = (A® C)(B® D).

We are now ready to prove Theorem 2.4.
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Proof of Theorem 2.4. — Of course, > ;_; Algg(& | €) C Algg(€) and we
thus only have to prove the converse inclusion. Again, we assume without loss
of generality that
Ei=A{firlew), .., fisi(ai)},

for some s; < m;. We consider a vector of indeterminates X := (X 1,...,X,),
where Xz = (Xi,j)1§j§5¢~

Let P(X) € Algg(€) and let us fix an integer ¢ with 1 < i < r. We let
d; denote the degree of P with respect to the indeterminates X,;. We order,
using the lexicographic order, the elements pu, ..., I d; of the set

{1,..., 8% .
For1<j< s?i, we set
M;j(Xi) = Xy - X

uu'j,di ?

where p; = (wj1,.--,pj4;). The M;;(X;), 1 < j < s?i, thus run over
the “ordered monomials” of degree d; in X ;. For every pair (i,j), we set
gi.j(zi) == M; j(f;(zi)). The functions g; ; can be described in terms of Kro-
necker products for we have

9i,1(24)
9:(zi) = :
9; s (=1)
= fi(zi)®di .
We then infer from Property (ii) of Lemma 8.4 that
(8.12) gi(2i) = Ai(2:)%% g;(T;2:) .

By assumption, the Mahler system associated with the matrix A;(z;) is reg-
ular singular. There thus exist two matrices ®(z;) € GLy,,(Q{z;}) and B; €

GLy,, (Q), such that
Applying Property (ii) of Lemma 8.4 to Equation (8.13), we obtain
Aiz)®% = Di(z) PR BN (@i(20) 1) "
This shows that the system (8.12) is also regular singular. On the other hand,
the poles of A;(z;)®% are the same as A;(2;), and, following Property (i) of

Lemma 8.4, the determinant of A;(2;)®% is a power of det 4;(z;). The point
a; thus remains regular with respect to the system (8.12).
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Let us now consider a vector of indeterminates Y = (V; ;) Let

i<r, j<sii’

Q € Q[Y] be defined such that Q((M; (X)) ;) = P(X). Hence,

Q <(9z‘,j(a)) 1<i<r ) =0.

1<j<si
Furthermore, @ is linear with respect to the vector (Yi,j)j <glis for every 1 <

1 < r. By Proposition 8.1, there exist polynomials
QI(YI,I, e ’YVLS‘lil), e ,QT(Y;',la e aY;.’Sgr) 3
such that
Qi((gij(ew)); ) =0,

for every i, 1 < i < r, and such that @ belongs to the vector space generated

by Q1,...,Q, over Q[Y]. It follows that Qi((Mi,j(Xi))j<S"1i) € Algg(&;), and
finally that P € >77_; Algg(&; | €). This concludes the prozof. O
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